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 DEVELOPMENT AND MODELING OF AN INTELLIGENT MULTIMODAL 
INTERFACE FOR SMART MOBILITY DEVICES 

 
 

Rytis MASKELIŪNAS, Rimvydas SIMUTIS, Vidas RAUDONIS 
Kaunas University of Technology, Lithuania 

 
 

 
Abstract: The paper presents the development and 
modeling of an intelligent multimodal interface for the 
smart, assisted mobility devices. The algorithm 
integrates latest technologies in speech, video, sensory, 
robotics, artificial intelligence, path finding and other 
areas, for one unified purpose - the creation of modular, 
multimodal control, capable of easier, more natural 
interaction with technological devices, such as 
wheelchairs, medical beds, autonomous side-tables, etc. 
for users with various motion disabilities.  

 
Keywords: multimodal, interface, smart devices, 
automation. 

 
1. Introduction 

 
The scope and problem on the topic of smart-home 
devices, such as interactive, autonomous mobility 
devices are very wide and important. According to the 
World Health Organization there are more than 
650 000 000 people with disabilities in the world [1], 
including more than 50 000 000 socially dependent 
people of various age only in EU [2]. Almost 25 % of 
them have various motoric disabilities. Similar 
tendencies are in Lithuania. Only in 2009 there were 
more than 24 000 various technical facilities issued 
(funded) by the government, including 3500 
wheelchairs [3]. None of these were smart, multimodal, 
audiovisual devices, targeted at modern assisted living 
due to high costs, difficult interfaces, no Lithuanian 
language support, etc. 
The novelty of our approach is represented in our goal 
not only to provide an easy to use interface, but also the 
possibility to interact with the environment, allowing to 
accomplish various daily operations, such as control on 
lights, TV, audio, etc. The proposed multimodal 
interface allows for various ways of access to control 
the device (mobile, robotic wheelchair in our case), 
scoping a wide group of users by providing speech 
option for the blind, gaze and finger tracking for the 
paralyzed, GUIs for the mute, etc. 
 

2. Research and development 
 

The researches in multimodal associative control 
interfaces or associated algorithms uniting the most 
natural modalities, such as speech, touch and video [4] 
are just starting in Lithuania. Unfortunately mostly only 
the separate control components are being analyzed by 
Lithuanian researches, but almost no research is being 
done in the unification of various modalities. Naturally 
separate components were developed for quite some 
time. Recent studies in speech recognition are being 
made in: signal processing [5], phonetics [6], 
recognition of phrases [7] and dictation [8-10], the 
adoption of foreign language recognizer for the 
recognition of Lithuanian voice commands [11]. Newer 
papers in video signal analysis present developments in: 
eye (gaze) tracking [12], researches in physiological 
areas [13], human and computer interfaces for 
autonomous robot control [14], obstacle avoidance [15], 
assisted interfaces on gaze tracking [16, 17]. Some 
research was also done on effect of emotions for control 
of the wheelchair [18].  
The importance of studies in human – computer 
interfaces is accented by foreign researches from the 
beginning of computer era [19]. Multimodal interfaces 
[20], capable of computer voice control were presented 
more than 10 years ago [21]. The importance of speech 
recognition accuracy was determined [22] and the 
problem of combining speech with touch modality was 
exposed [23]. Conclusions were made that the 
combination of various modalities allows the 
improvement in the accuracy of the interface and the 
control robustness in noisy areas [24, 25], that the 
combination of speech and gaze tracking is more 
accurate than speech alone [26]. The effectiveness of 
control may be improved by registering eye and hand 
movements [27]. The synesthesia based interfaces allow 
better assimilation of information [28]. The accuracy of 
control can be improved by using electro – 
oculographic interfaces [29]. Interfaces for smart 
environments were created [30], for example interactive 
chairs where human senses were stimulated by 
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vibrations [31] or natural interfaces for interaction with 
autonomous robots [32, 33]. 
The main difference of our research (compared to 
others) lies in the purpose to create the unified 
associative control interface, combining various 
modalities for the natural and simple control of the 
modern device – smart furniture and interaction with 
environment. 

 
3. The concept 

 
There are various types of options available to make life 
easier for people with special needs, ranging from the 
very expensive autonomous state of the art solutions to 
the more simple mobility devices. The automatic, 
multimodal wheelchair control and interaction interface, 
reviewed in this paper, is great for people that simply do 
not have the strength, support, or balance on the 
“wheel” themselves around. The application is perfect 
for senior citizens looking for a simple to use interface 
to drive-about and to interact with environment, and 
especially for people with back or neck injuries (with 
various levels of paralysis).  
The proposed intelligent associative control interface 
enhances an ordinary electric powered transportation 
device (i.e. wheelchair, mobile platform, etc.) using a 
set of sensors to perceive the “drivers” surroundings, a 
speech interface to interpret spoken commands, touch / 
haptic surface direction control, gaze processing 
interface and motor-control software to effect the 
device’s motion. The concept of the intelligent mobility 
vehicle is shown in the figure 1.  
 

 
 

Fig. 1. The concept of the intelligent multi modal interface 
and automatic mobility vehicle 
 
The control interface is currently based on a cheap 
portable computer (netbook) that is used for multimodal 
signal processing and intelligent decision making. 
Computer supports GPS and. wireless (Wi-Fi and 3G) 
connectivity that allow the rough location tracking of 
the movement and position. Low power laser range 
scanner is used for the detection of the obstacles and 
providing the needed information for autonomous 
navigation control. The device can learn the motion 

trajectories and store it for later usage based-on the 
information gathered from range scanner.  
The mini directional microphone is used to listen to the 
driver’s spoken commands (directions (turn left, right, 
etc.) and one speaker which gives the feedback for the 
user. Speech recognition allows teaching the intelligent 
control system to recognize the places based on its 
names. Therefore, this location can be reached simply 
pronouncing the location name in to microphone. 
The gaze processing interface uses mini video camera 
that is mounted on the glasses and directed to the users 
eye. The user’s eye is illuminated with one IR light 
diode. Head orientation in all three directions is 
measured using device consisted of three dimensional 
magnetic field sensor and one dimensional 
accelerometer. The hardware of the proposed head 
mounted eye tracking system is shown in the figure 
bellow.  
 

 
 

Fig. 2. The “glasses” of the gaze processing interface 
 
The gaze processing interface allows selecting certain 
command or motion trajectory of the wheelchair using 
the voluntary controlled eye muscles. In worst cases of 
paralysis this might be the only way of controlling the 
device. This functionality is also useful for persons who 
are suffering of “lock-in” syndrome.  
The touch processing interface is proposed for persons 
who can partly control their upper muscles (either 
finger or a tongue). The eyes-free touch screen solution 
allows direct motion control of the intelligent mobility 
device by swiping a direction vector (i.e. swipe left to 
go left) or by drawing a certain gesture for certain task 
(i.e. to go to specific predefined location in a house). 
 

4. Algorithm for a multimodal control 
 

Multimodal intelligent interface (MII) combines visual 
modality (video camera based technologies) with voice 
modality (speech recognition) and touch processing. 
The huge advantage of MII is the increased usability, 
because the shortcomings of one modality can be 
eliminated with another. For example, the location input 
task (usually by typing the name of the location) on the 
mobile device becomes difficult for the disabled 
persons, but is very easy just to say the name of the 
location. Such multimodal interfaces have huge 
implications for the accessibility not only for the 
persons who can still control most muscles of the head 
(or face), but is also applicable for persons who suffers 
from “lock-in” syndrome (by using the eye tracking 
modality). Proposed algorithm for associative 
multimodal intelligent interface control is flexible 
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enough to meet most of the needs of the persons with 
different disabilities. The accurate motion control 
functionality is established using four modalities: 
speech, gaze, touch and sensory interfaces. Latter has a 
priority on all other modalities, because it is responsible 
for obstacle avoidances and examination of the 
surroundings.  
The algorithm can be described in five main steps:  
 

Pseudo code 1 Multimodal intelligent user interface 
control 
Four modalities are used in the system: speech 
processing )(ty , gaze tracking ),,( tvuI , touch 

processing ),,( tyxT  and sensor processing ),( dL  . 

Step 1. Selection of input modality which depends on 
system configuration 

 Speech processing, ASRty )(  

 Video processing,  eyeyeyextvuI ,),,(   

 Touch processing, fingerfinger yxtyxT ,),,(   

Step 2. Selection of control task 
 Direct control based-on modality  step 5 
 Control based on motion trajectory  step 3 
 Training of the location  step 4 

Step 3. Get accuracy of modality based on penalty 
function by comparing given and measured trajectories 
    measuredgiven TrajectoryTrajectoryAccuracy   

if Accuracy < accu then 
   Go to step 5 
else 
   Go to step 2 
end_if 

Step 4. Prompt a user to guide the wheelchair through 
new motion path 

Go to step 5 and collect new coordinates and the 
names of locations for trajectory 

TrajectorydL ),(  

Step 5. Generate the command to PLC that control the 
speed v  of the electrical wheelchair and check ),( dL   

     directionvvOutput rightleftModality ,,  

 
The selection of the control modality is based on the 
system configuration and is executed in the first step. 
Based on the results of the first task - the second step is 
executed. There are three tasks: direct control of 
wheelchair motion using preconfigured modality, the 
motion control based on the motion trajectory and 
location training for intelligent navigation. 
The proposed control algorithm can be trained to 
“learn” the layout of the environment through a guided 
tour given by the user. Subsequently, the device can 
autonomously move to any-previously-named location 
under voice or/and gaze command. The training of the 
system is executed in fourth step. 
The navigation by the given trajectory is executed in the 
final step. At current stage of development the user is 
asked to retrain the system for the new motion 
trajectory or to use direct control property if the 
difference between given and measured trajectories is 
higher than certain threshold accu.  

 
 

5. Conclusions and future work 
 

The three main control and interaction modalities (touch 
/ haptic, speech and vision) were integrated into a 
prototype associative control interface targeted at 
socially dependable people groups, creating a scalable 
and very intuitive HCI interface. 
The experimental evaluation and fine-tuning remains to 
be done on how the device performs in various real-life 
environmental conditions, how the recognition 
command accuracy affects overall usability, how good 
and natural is the designed interface for the final end 
user (a disabled person). 
Some analysis remains to be done on the environment 
sensing and path-finding features, remote audio-visual 
tracking and control (especially the location mapping 
inside buildings) as well as the possibilities of 
integration of the additional modalities, such as brain 
activity scanners, chin controllers, virtual manipulators, 
etc. 
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Abstract: Ensuring of human data privacy based 
separated on information storage has made Multi-Agent 
Systems a major sphere for research. This study is 
dedicated to Multi-Agent System building using the 
RFID technology as a particular example of application 
of Data-And-Rules-Saved-In-Resource concept. The 
goal of this study is to consider questions of security 
assurance for RFID technology to build Multi-Agent 
System on its basis. RFID tags are being used for 
information storage and no external databases are 
accessed.  
 
Keywords: Multi-agent system, Data-And-Rules-Saved-
In-Resource concept, Radio Frequency Identification, 
Resource Physical Markup Language. 

1. Introduction 

In last decade information technology influence in 
people lives has grown gradually. With every year 
passing, amount of produced and processed information 
grows. Bigger amounts of information obtained in the 
world have led to the necessity of additional researches 
in the field of information privacy and security aspects. 
The three cornerstones of information security – 
confidentiality, integrity, and availability of 
organization owned information and business processes 
supporting systems, become a key factor in ensuring 
competitive advantage and mission critical factor for 
successful and effective functioning of business 
processes [1]. 
When developing information system, data 
centralization mechanism on the basis of relative 
database is used [2-5]. Authors consider that to ensure 
privacy it’s best to retrieve information only from 
supporting system, which needs this information to 
work. This means, that it’s necessary to limit access to 
this information for all other systems. One of the 
approaches to ensure this is system decentralization. 
This paper presents one of the technologies, which 
allows doing that – Radio Frequency Identification 
(RFID). In this paper is description of principles of 
building Multi-Agent system on the basis of this RFID 
technology. For data decentralization Data-And-Rules-

Saved-In-Resource (DARSIR) concept is going to be 
used [6]. 
In this paper the Multi-Agent systems, RFID technology 
and DARSIR concept are briefly examined, basic 
definitions are given. 
RFID technology is now already widespread and will 
become even more common in future. With each year 
passing, price of usage of this technology drops and 
technological capabilities are only increasing and 
advancing. Since 2004, Nokia company has made the 
first GSM phone integrated product offering RFID 
reading capability [7]. Now other big companies such as 
Samsung [8], Apple, and others are offering or are 
planning to offer RFID reading capability in GSM 
phones. 
RFID technology is actual object of research. But 
generally all the researches are conducted with usage of 
central information storage principle [2-5]. In [9], a 
study is done on building Multi-Agent system on the 
basis of RFID technology as remote data storage and its 
acquisition through wireless network. It was stated that 
RFID tags are already being used for Multi Agent 
system in the following paper [10], but their approach 
proposed is simplified and RFID security is not 
mentioned. 
To show practical application of current research, 
application of the DARSIR approach with an example 
in „Smart Laundry” was studied. 
Main task of this research is to study and define 
common privacy and security problems of Multi Agent 
system built using RFID technology and present a 
concrete implementation in DARSIR concept, without 
using external data storage devices, as well as to 
identify new risks and propose protection instruments 
from them. 
The obtained result has led to the conclusion, that future 
research of Multi-Agent system building for ensuring 
privacy and information security should be conducted. 
 

2. RFID technology 

RFID [2] is an automatic identification method relying 
on storing and remote data retrieving using devices 
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called RFID tags. RFID tag is possible to place in 
physical object, embedding in physical object or to 
construct interaction with other physical objects (for 
example sensors). 
Definitions of the basic components of RFID 
technology used later in this paper: 
RFID tag – consists of a microchip and a radio antenna. 
The chip in the tag contains information about the item 
that it is either attached to or embedded in. The tag 
transmits that information to the reader using radio 
signals [3]. 
RFID reader – is an electronic device used for 
communication between RFID tags and a host computer 
system. A reader generally consists of an RF transmitter 
and receiver and an antenna for communicating with 
tags. A digital interface enables the reader to 
communicate with the host computer system [3]. 
Physical Markup Language (PML) – the format 
modification of XML, is provides a format of saving 
and exchange data about physical objects and described 
in [12] as “a simple, general language for describing 
physical objects for use in monitoring and control of a 
physical environment - particularly through the Internet. 
Applications include inventory tracking, automatic 
transaction, supply chain management, machine control 
and object-to-object communication.” 
Note that detailed analysis and discussion of RFID 
technology is not the purpose of this paper. Refer to [2-
4] for this purpose. 

2.1 RFID tag classes 

In this paper it is necessary to mention that RFID tags 
are classified in 6 classes. Two types of tag classes 
Class_2 and Class_3 allow obtaining relatively cheap 
RFID tags, which have read/write function. 
RFID tag classes: 
 Class_0: Read Only – programmed by the factory 
 Class_1: Write Once, Read Many (WORM) – 

programmed by the factory or the user 
 Class_2: Read/Write – can be programmed over 

and over based on requirements 
 Class_3: Read/Write with on-board sensors – to 

record such parameters as Temperature, etc. 
 Class_4: Read/Write with integrated transmitters – 

can communicate independent of readers 
 Class_5: Read/Write with integrated transmitters – 

all Class_4 capabilities along with the ability to 
communicate with and passive devices. 

Tags of Class_2 and Class_3 have stored information 
capacity of up to 4 MB (2005, from [2]). And technical 
capabilities of RFID technology are increasing with 
each year passing. When realizing a concrete task, 
concrete type of RFID tag is being chosen. Usually 
parameters, which influence the choice, are: frequency, 
stored information amount, work temperature, pressure, 
quantity of built-in sensors. 

2.2 Typical scheme of work with RFID 
technology 

On first stage it is required to look into architecture 
framework that is a defined support structure of 
standards on which base some project can be organized 
and developed. 
In RFID industry EPCglobal Standards are used as 
standard de-facto. EPCglobal is a consortium of 
industry leaders like Wal-Mart, Cisco Hewlett-Packard 
etc. EPCglobal Standards is shown on Figure 1. 

 
 

Fig. 1.  EPCglobal standards [13] 
 
To define RFID technology specific information and 
security problems, it is required to have a detailed look 
on the accepted scheme of RFID technology. EPCglobal 
is the recommended scheme of RFID technology 
workflow. It’s described with more details in [14-16]. 
When using typical scheme of work with RFID 
technology, potential privacy and security risks may be 
defined in any data source. It can be business 
application (for example Enterprise Resource Planning 
System, Web Map Service, Manufacturing Execution 
System, etc), data exchange through PML for 
communications with others applications, and also 
important is sites without data acquisition interface, 
Application Level Events server, Object Naming 
Service, EPC Information Services server and RFID 
based applications. 

3. The DARSIR concept 

DARSIR concept [6] – is the new concept of designing 
data management system, which is based on the idea of 
refusing usage of other sources (such as database), and 
the decision to save the information (attributes and 
rules) to physical object (resource). DARSIR concept 
can be used with RFID technology and onwards we will 
be considering implementation based on this 
technology. 
DARSIR concept is based on following basic 
components: 
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 Resource – is any object of the living or lifeless 
nature which is involved in working process of 
information system. The information of a concrete 
resource and its interrelationship with other objects 
(or types of objects) must be stored in this object. 

 Resource Physical Markup Language (RPML) – is 
XML-like language that was developed specially 
for DARSIR concept. 

To read and process information from RFID tags, 
special device is required. The DARSIR concept 
working process key element is RFID reader. RFID 
reader has a built-in embedded system that loads to and 
carries out rules from RFID tags. To load rules from 
RFID tags, tags must be located within RFID reader 
working zone. If RFID readers are connected in 
network of RFID readers, they carry out RFID tag 
information (attributes and rules) exchange. 
Resources (RFID tags) are important for real solutions 
as well as simulations, because it is necessary to change 
information (attributes and rules) only in resources (in 
RFID tags) for creation of working process. Other 
elements of working process (such as RFID reader) 
usually do not need any modifications. 
To store and process information acquired by RFID 
readers, there should be a data structure. In the DARSIR 
concept information is stored in resource in Resource 
Physical Markup Language (RPML). In the DARSIR a 
new modification of PML is used. 

4. Multi-Agent systems 

Multi Agent systems are systems composed of multiple 
interacting computing elements, known as agents. 
Agents are computer systems, situated in some 
environment, with two important capabilities. First, they 
are at least to some extent capable of autonomous action 
– of deciding for themselves basing on environment 
information of what they need to do in order to satisfy 
their design objectives. Second, they are capable of 
interacting with other agents and changing the 
environment in some way – not simply by exchanging 
data, but by engaging in analogues of the kind of social 
activity that we all are engaged in every day of our 
lives: cooperation, coordination, negotiation, and the 
like [17, 18] refer to Figure 2. 
 

 
 
Fig. 2. Agents interact with environment 
 
Agents – are autonomous and may be heterogeneous in 
nature. The characteristics of Multi Agent systems are 
[18]: each agent has incomplete information or 

capabilities for solving the problem, thus each agent has 
a limited viewpoint; there is no global system control; 
data is decentralized and computation is asynchronous. 
Multi-Agent systems are a relatively new sub-field of 
computer science – they have only been studied since 
about 1980, and the field has only gained widespread 
recognition since about the mid-1990s. However, since 
then international interest in the field has grown 
enormously [17]. 
The goal of Multi-Agent systems research is to find 
methods that allow us to build complex systems 
composed of autonomous agents who, while operating 
on local knowledge and possessing only limited 
abilities, are nonetheless capable of enacting the desired 
global behaviors. We want to know how to take a 
description of what a system of agents should do and 
break it down into individual agent behaviors. At its 
most ambitious, Multi-Agent systems aims at reverse-
engineering emergent phenomena as typified by ant 
colonies, the economy, and the immune system. 
Multi-Agent systems approaches the problem using the 
well proven tools from game theory, Economics, and 
Biology. It supplements these with ideas and algorithms 
from artificial intelligence research, namely planning, 
reasoning methods, search methods, and machine 
learning [19]. 
Typically multi-agent systems research refers to 
software agents. However, the agents in a multi-agent 
system could equally well be robots humans or human 
teams. A multi-agent system may contain combined 
human-agent teams [20]. 

5. Multi-Agent system built using RFID technology 

Authors propose a Multi-Agent system model where 
most of communication between agents is performed 
using RFID tags. Here by most authors assume that 
agents can use other communication protocols. 
In this model agents will process some physical entities. 
Every entity will be equipped with RFID tag. During 
this process every agent will read information from 
RFID and will write some feedback on it. Agent could 
add historical data or redefine rules for particular entity 
or even place information for other agents. 4 Mb (see 
chapter 2.1) is quite sufficient RFID storage size for all 
information mentioned before.  
Every RFID tag will store all relevant information using 
RPML. None information will be stored in database and 
therefore every agent will be absolutely self sufficient 
and will not require access to any database. 
Authors also propose to use mobile phones for humans 
as an RFID readers/writers to store all security 
information to encrypt/decrypt/”activate”/”deactivate” 
information stored on RFID tags. 

6. RFID technology security and privacy problems 

Note that detailed analysis and discussion of RFID 
technology security and privacy problems are not the 
purpose of this paper. Refer to [2-4, 21, 22] for this 
purpose. 
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In paper [21] RFID raises two main privacy concerns 
for users: clandestine tracking and inventorying. RFID 
tags respond to reader interrogation without alerting 
their owners or bearers. Thus, where read range permits, 
clandestine scanning of tags is a plausible threat. 
In paper [22] it is possible to study RFID technology 
specific attack taxonomy. Someone attacking a RFID 
system may use it to help stealing a single object, while 
another attack might be used to prevent all sales at a 
single store or at a chain of stores. An attacker might 
want misinformation to be placed in a competitor’s 
backend database so that it is rendered useless. Hackers 
may want to outmaneuver physical access control, while 
having no interest in the data. Therefore, it is necessary 
for anyone looking at the security of an RFID system to 
identify how their assets are being protected and how 
they might be targets. 
In spite of these serious security issues authors suspect 
that these problems will be solved in time. Actually 
even now these problems could be practically 
eliminated (see next chapter). 

7. Proposed security model 

In the previous chapter important security and privacy 
problems were defined. For solving these problems, 
authors propose the following security model. 
All information stored on RFID tag will be encrypted 
and compressed. Encryption not only protects data but 
also allows agent to choose what data can be accessible 
for other agents. 
Here authors can propose two security issues: 
 RFID information will be encrypted using 

Insubvertible Encryption [23]. This algorithm 
allows reducing RFID tracing by changing data on 
RFID during every read. 

 RFID information will be encrypted using any well 
known algorithm (for instance AES [24]). And 
every RFID tag will be able to go to “sleep” using a 
PIN [21].  

8. “Smart laundry” as an example of Multi-Agent 
system built using RFID technology 

“Smart Laundry” – the intelligent automation 
requirement of laundry service for clothes cleaning that 
consist of clothes check in and check out, washing, 
tumbler drying, ironing, professional textile care, and 
transportation. Main reason for this system automation 
is minimizing service expenses and quality of service 
increase. 
The technical requirements provide the maximum 
permitted treatment and proper care of the textiles 
bearing this indication. But the care indication is not a 
guarantee of quality. 
Further key moments of this task are mentioned, but this 
task can be studied with more details in [25]. 

8.1 Laundry standards 

There are three main types of laundry standards: 
 Action types 

o Washing – the symbols indicates whether 
domestic washing is possible and applies both 
to hand and machine washes. 

o Bleaching – the symbols indicate the article may 
or may not to be bleached. 

o Tumbler drying – the symbols the severity as 
regard to temperature of the tumble drying 
treatment; the symbols for washing and ironing 
give indications as to drying. 

o Ironing – the symbols regulate the temperature 
ranges for ironing.   

o Professional textile care – the pictograms 
regulate the dry-cleaning and wet-cleaning 
process for textile articles carried out by 
professionals. 

o Other technical regulation that doesn’t have the 
typical symbols is written in clothes like 
instructions. 

 Washing up liquids – in laundry process is using 
some types of liquids and substances washing 
power, bleach, detergent, fabric softener. Each 
washing-up liquid and substance is using some 
regulations of usage. Sometimes it is strong 
standardized, sometimes not. After that, often all 
symbols and pictures are doubled with text in 
English or/and local language. One vendor can use 
different properties of his product that another 
vendor. 

 Washing parameters 
o Clothes weight – gross weight of clothes for one 

cycle of washing, typical significance: small, 
medium, large, extra large; 

o Washing temperature – this is a temperature 
used for one cycle of washing, typical 
significance: cold, warm, hot; 

o Rinsing temperature – this is a temperature used 
for one cycle of rinsing, typical significance: 
cold, warm, hot; 

o Washing type – function of a washing machine 
depending on type of clothes and dirty, typical 
significance: delicate, knit, permanent press, 
heavy; 

o Duration of washing – duration for one cycle of 
washing. 

8.2  “Smart laundry” as Multi-Agent system built 
using RFID technology 

Clothes are built in tags, where information about 
textile parameters (type, weight, colour and others), 
standard laundry operations (washing, bleaching, 
tumbler drying, ironing, and professional textile care), 
additional rules (which not included in standard laundry 
operations) and extra information (order urgency, 
clothes soiling degree, etc.) is stored. All this 
information will be written on a chip using RPML. 
Information will be encrypted and will be decrypted by 
customer while clothes check in/check out. Customer 
will use its mobile phone to decrypt required data and to 
define custom properties. 
Every laundry machine (or staff) will act as a separate 
independent agent. These agents will be equipped with 
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RFID reader and writer. Agents can participate in 
auction on clothes check in to provide lower price, track 
clothes and update RFID information. If laundry 
machines are connected they can communicate directly 
otherwise they can use RFID chips for communication. 
Analyzing history written on RFID and using its own 
experience agent can propose to change rules defined 
for clothes. These proposals can be confirmed or 
rejected by customer.  

8.3 “Smart laundry” as Multi-Agent system built 
using RFID technology advantages and 
disadvantages 

In this chapter authors discuss proposed concept 
advantages and disadvantages comparing to other 
approaches.  
Clothes washing rules are more flexible. All laundry 
standards described in chapter 8.1 were optimized for 
human understanding. In our concept we can use more 
précised parameter adjustment. For instance there are 
only three standard ironing temperature ranges defined. 
It is obvious that this information can be précised to 
maximum allowed temperature for ironing. In addition 
we can define absolutely new rules that were not 
possible to define before. 
If advanced rules will be applied to clothes laundry 
machine can develop individual processing program for 
particular set of clothes. This will help to improve 
quality of service and will decrease processing costs. 
Laundry service price politics could be much more 
flexible. Actually if “smart laundry” is implemented as 
Multi-Agent system we can get cost forecast for each 
entity on clothes check in. We can also manage risks 
based on previous entity washing history. For instance it 
is much more risky to wash clothes for the first time 
than all other times.  
The clothes transportation process will be simplified, 
because every clothes entity will have its ID and clothes 
registration on arrival or departure will be extremely 
fast.  
The forecast of order execution time could also be more 
précised as we can predict duration of the process. 
Approach proposed by authors could be used in 
professional laundry or at home. At home technology 
will simplify customer’s life. Laundry machines will 
automatically chose program and detergent amount by 
clothes placed in it. Laundry machines could also alert 
customer if clothes could not be processed together (for 
instance black and white). 
As all information is stored internally you can easily 
share experience of previous laundry cycles (or not 
share it). 
As data is fully decentralized we cannot know clothes 
entity history not having this entity. The only thing we 
can do is to gather overall statistics. From the one hand 
it is disadvantage, because not having clothes object we 
cannot provide information and support to customer. 
But from the other hand it was the aim of this work to 
protect customer’s privacy. 
Main disadvantage, which has to be overcome to 
introduce similar solutions, is change of IT solution 

development stereotypes. Transition to more secure 
attitude to client privacy. 
One of the disadvantages is relative high price for high 
capacity Class_2 and Class_3 RFIDs. But as it was 
already mentioned the price will significantly decrease 
in a time.  

9. Conclusions and future research 

During the research described in this paper authors have 
proposed method of providing privacy and security 
using decentralized management and data storage. To 
solve this task Multi Agent system on the basis of RFID 
technology was built. 
Necessary solution was achieved by means of proposed 
security model. Practical usage was shown with the 
example in „Smart Laundry”. 
Application of the proposed approach gives many 
advantages. The main advantages are the following: 
client information privacy assurance, reduction of IT 
solution expenses by using less expensive technology, 
and removal of remote data storage, thereby lowering 
hardware expenses even more. Main disadvantage, 
which has to be overcome to introduce similar 
solutions, is change of IT solution development 
stereotypes. More secure attitude to client privacy was 
reached. 
Additional research on possible technological 
countermeasures and solutions aimed to reduce the 
possibility or impact of client information privacy and 
security is required and is going to be performed by 
authors in the future. 
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Abstract: The paper present the fuzzy logic expert 
system called MADSYS for an investor’s portfolio 
allocation by financial asset classes. MADSYS system 
will be used in the interface agent (agents) of multi-
agent investment management information system. One 
of the principal tasks of the multi-agent system is to 
help an investor to make investment decisions and to 
provide appropriate investment proposals according to 
the investor’s profile. From MADSYS depends a lot of 
things, namely the multi-agent investment management 
information system accuracy, proposed investment 
decisions, the right portfolio allocation of financial 
assets, reliability and investor satisfaction. The usage of 
MADSYS system in the multi-agent system makes it 
more intellectual, i.e. the system will be able to adjust 
automatically to the changing of investor profile. The 
MADSYS system may be tried online at the following 
address: www.sprendimutechnologijos.lt/webapp .   
  
Keywords: fuzzy logic, portfolio allocation, multi-
agents system. 
 

1. Introduction 
 
Nowadays more and more intellectual and adaptive 
management technologies are penetrating into different 
spheres of human life and activity. Modern mechanisms 
and their management technologies allow to replace 
people completing various tasks, automate the 
management of various processes and so on. The same 
situation exists in the sphere of the provision of 
financial services, and especially in the spheres of 
finance and investments management (consulting) in 
which intellectual and adaptive management 
technologies have already found their lodgment and are 
penetrating deeper, whereas the number of people who 
trust in these technologies in the financial market is 
increasing every day [1], [4], [10]. In order to get more 
reliable, accurate and profitable investment 
management people invoke such elements of artificial 
intelligence as for example fuzzy logic, genetic 
programming,  neural networks, software agents etc. 

Our performed works and researches are aimed to create 
an intellectual investment management information 
system. It is commonly known that investment 
management is a complicated and complex task coming 
down to the solution of some parallel and successive 
tasks (tasks performance), and the control and 
management of separate tasks [4], [10]. It is our opinion 
that in order to create a desirable system, software 
agents are suitable. They compose multi-agent system 
which is able to perform parallel and successive 
investment management tasks. These are the samples of 
such systems: WARREN, MASST [11]. We can 
visually imagine a multi-agent system as an autonomous 
virtual investment management and consulting company 
in which intellectual software agents execute works 
more economically, quicker than specialists working in 
classical investment management company, i.e. 
software agents replace economists, statisticians, 
finance brokers, analysts etc. Make a long story short a 
multi-agent securities assessment system taking into 
consideration the current situation in the financial 
market and investor’s objectives should give advice to 
an investor when and what  security to buy/hold/sell in 
accordance with the investment’s profile it should 
properly offer to diversify the portfolio, and thus 
successfully start managing investments.  
In their publications concerning multi-agent investment 
management information systems the authors notice 
plenty advantages of these systems in different 
economic, technologic or other aspects [4-7].   
This article does not include the information 
particularly given in our previous publications [4-5] 
concerning the advantages, structure, agents’ 
relationship and mechanism of our multi-agent 
investment management information system. In this 
article we just briefly remind the essential details. So, 
during the creation of the multi-agent investment 
management information system we considered that the 
system should be universal and suitable for different 
investors, i.e. it should satisfy and correspond to the 
behavior of different investors in the market. In order 
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the system to satisfy above mentioned expectations we 
construct the investment management information 
system using three types of agents: interface agent, 
information agents and cooperative agents (task agents) 
and considering that we can divide the investors into 
two main groups, i.e. conservative and aggressive 
investors, we have chosen two possible structures of the 
system (horizontal and vertical) [4], which thanks to the 
characteristics of agents can transform one into the 
other thus adopting to the investor’s profile. The main 
attention in this article is given to fuzzy logic-based 
system MADSYS used in interface agent. MADSYS 
solves two tasks: assesses investor’s tolerance towards 
risk (profile) [2-3], [5] and in accordance with the 
investor’s profile offers  properly diversify the portfolio 
into three asset classes with different risk level [8-9]. 
MADSYS system in interface agent is very important 
for the whole multi-agent investment management 
information system, because its appropriate operation 
influences qualitative work of other agents and the 
accuracy and reliability of multi-agent system itself, as 
well as the quality of the satisfaction of investor’s 
needs. 
After introducing of the prerequisites for the appearance 
of the intellectual multi-agent securities assessment 
information system in the introduction, the article 
further discusses only how MADSYS diversifies the 
portfolio. So, the second section of the article explains 
how the knowledge of portfolio diversification experts 
is imparted to MADSYS system. The third section of 
the article represents the structure of the fuzzy logic-
based system designed for the portfolio diversification. 
The fourth section of the article discusses obtained 
system’s characteristics and given systems’ results. 
 

2. The formation of diversification rules 
 

This section of the article discusses in more detail how 
the rules made within fuzzy logic-based system are used 
by MADSYS and designed for the diversification of the 
investment portfolio. Describing the operation of fuzzy 
logic-based system for the diversification of the 
portfolio we followed the prerequisite that the reader of 
this article has basic knowledge concerning fuzzy logic-
based systems, i.e. knows that the construction of a 
fuzzy logic-based expert system consists of four steps: 
the introduction of fuzziness, the formation of the rules 
of expert evaluation, aggregation (the summation of the 
conclusions of evaluation rules), the elimination of 
fuzziness. So, we are not going to discuss every step in 
details, i.e. what for and why each step is necessary. 
Instead we are going to discuss only essential details 
about each step. Besides, we are going to discuss these 
steps not sequentially, because we think that in such a 
manner the article will be more understandable and its 
structure will be more obvious.  
Let’s start with the formation of the rules of expert 
evaluation. Economists and financiers best of all 
understand portfolio diversification, so it is notable that 
they are  co-authors of this article and the experts who 
help to establish diversification rules. The formation of 
diversification rules was fulfilled by five experts 

working with clients in the sphere of investment 
management. The model of rules formation was simple, 
i.e. the experts were asked to diversify the investor’s 
portfolio on the ground of three parameters about the 
investor (the investor’s profile is defined by three 
variables), i.e. to tell how much asset in percentage 
terms should be invested into safe investment means, 
how much asset should be invested into investment 
means of moderate risk and eventually into risky 
investment means. The example of safe investment 
means is deposit, government bonds, investments of 
moderate risk are corporate bonds, dividend stocks, and 
risky investments are company stocks, future 
transactions. Naturally, there can be other partition. The 
parameters characterizing an investor are the following: 
income (on the scale 0-100 hecto litas per month (for 
example, 10 hLt = 1000 Lt)), age (on the scale 0-100 
years old) and the evaluation of the tolerance toward 
risk (expressed on the scale 0-100 or respectively from 
very low risk tolerance to very high risk tolerance). It is 
commonly known that in fuzzy logic numeric values of 
parameters should be related to linguistic variables and 
in such a manner the introduction of fuzziness is 
accomplished. We will discuss it in more details in the 
third section of this article, here we are going to say 
what fuzzy linguistic values our chosen parameters will 
have, because they are necessary in order the experts 
could express diversification rules linguistically. So, the 
parameter income can have three linguistic values: low 
(“low“ is also the mark of the value of this parameter in 
fuzzy logic-based system), medium (“medium“), high 
(“high“). The parameter age can have three linguistic 
values: young (“young“), middle-aged (“middle-aged“) 
and elderly (“elderly“). The parameter risk tolerance 
can have one of five values: very low risk (“R0“), low 
risk (“R1“), medium risk (“R2“), high risk (“R3“) and 
very high risk (“R4“). Naturally, there can be more 
parameters, however it is necessary to appreciate that in 
this case the number of expert rules of fuzzy logic-
based system will also increase, it will be more difficult 
to calibrate the model, calculation time will increase, 
economy will suffer etc. In the fourth section of the 
article we are going to discuss what one or another 
number of parameters or their values would determine 
for MADSYS system.  
So, the situation and tasks for the experts have been 
formulated, i.e. to write down linguistically portfolio 
allocation decisions on the ground of three parameters 
and their linguistic values. It is practical to write down 
these decisions in the form of table showed on Fig. 1. In 
order the tables not to be massive, but easily 
understandable and easy to fill in we have divided the 
tables into three groups considering that we will 
diversify investments into three asset groups of different 
risk. So, every group of tables expresses diversification 
decisions according to different risk asset groups. 
Diversification decision itself is expressed 
linguistically, i.e. its value specifies how strongly the 
expert recommends investing into the asset of an 
appropriate risk group with regard to investor’s 
parameters. The variable of diversification decision can 
obtain these five linguistic values: low (“Low“), less 
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than medium (“MediumN“), medium (“Medium“), 
more than medium (“MediumP“), high (“High“). 
 
I recommend investing into safe investment means 
when income is low and... 
 
 
 
 
 

R0 R1 R2 R3 R4 

Young High High MediumP Medium Medium 

Middle-
aged 

High High MediumP MediumP Medium 

Elderly High High MediumP MediumP MediumP 
 

Fig. 1. The example of the table of expert’s diversification 
decision   
 
With a help of the table showed on the Fig. 1 the expert 
fully specifies his diversification decision under 
respectively fixed investor’s parameters and with regard 
to the riskiness of asset group recommends investing. 
Using the table showed on Fig. 1 and assuming that an 
investor is young and does not tolerate risk, 
diversification rule linguistically is the following: “I 
recommend to invest into safe investment means when 
the incomes are low and the age is young, and tolerance 
towards risk is very low High“. As is known from fuzzy 
logic theory if we know the number of parameters and 
their possible values we can easily calculate the total 
number of tables and the number of expert rules. In our 
case the total number of tables is nine, and the total 
number of expert rules is 135.  
Generally, we can write the titles (headings) of all tables 
as follows: “I recommend to invest into {safe, medium 
risk, risky} investment means, when the incomes are 
{low, medium, high} and ... (further tables)”. When all 
experts gave their filled in tables we combined them all 
and derived nine final diversification decisions tables 
which included most frequent experts’ decisions, thus 
the tables better represented the experience of all 
experts.   
Finally, when we have the tables of diversification 
decisions we can easily copy out all 135 expert rules. 
We implemented fuzzy logic-based system designed for 
the diversification of portfolio with a help of “Matlab 
Fuzzy Toolbox“, and the fragment of expert rules made 
with a help of this tool is shown on the Fig.  2. 
There the role of portfolio diversification experts is 
over. Their knowledge in the form of linguistic expert 
rules was transferred into fuzzy logic-based system. 
Further we are going to discuss the structure of fuzzy 
logic-based system designed for the diversification and 
member dependence functions which relate (connect) 
linguistic values of investor’s parameters to 
corresponding numeric values. 
 

 
 

Fig. 2. The fragment of expert diversification rules 
 

3. System structure 
 
The structure of fuzzy logic-based system designed for 
portfolio diversification is shown on Fig. 3. 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 

 
 
 

Fig. 3. The structure of fuzzy logic-based system 
 
The structure of fuzzy logic-based system designed for 
diversification consists of three smaller Mamdani type 
fuzzy logic-based systems as is shown on Fig. 3. Every 
of these systems respectively evaluates (assesses) how 
much to invest into asset class of appropriate risk. For 
the aggregation we use “centroid” function. In the last 
block on Fig. 3 we recalculate how to allocate in 
percentage terms investments through all three risk 
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asset classes, and thus we implement the last step of the 
construction of fuzzy logic-based system, i.e. the 
elimination of fuzziness.  
Below Fig. 4 shows the membership functions which 
are used in three above mentioned fuzzy logic-based 
systems. Membership functions connect the linguistic 
values of investor’s parameters with an appropriate 
interval of numeric values and thus fuzziness is 
introduced. 
 
Trapezoidal membership function of income parameter 

Trapezoidal membership function of age parameter 

Triangular membership function of risk tolerance parameter 

Output triangular membership function of diversification 
decision parameter 

 

Fig. 4. The examples of membership functions used in fuzzy 
logic-based systems 
 
All three fuzzy logic-based systems use identical 
membership functions. There were chosen  trapezoidal 
and triangular functions, because they according in our 
opinion best of all allow relating the linguistic values of 
chosen investor’s parameters to appropriate numeric 
intervals.  
Here we stop discussing the steps of the construction of 
fuzzy logic-based system and are going to move to the 
discussion of results given by the system and systems’ 
characteristics. 
 
 
 
 

4. The results and characteristics of the system 
 
MADSYS system’s result is invested assets allocation 
table offered to an investor by the system. In this table 
an investor can see how much in percentage he should 
invest in each of three asset classes of different risk. 
The example of such a table is given on Fig. 5. 
 

 
 

Fig. 5. The example of the allocation offered by MADSYS 
system 
 
Fig. 5 shows the results obtained under the following 
fixed investor’s parameters: incomes are 2500 Lt, age is 
31 years old and tolerance towards risk is medium. For 
such an investor the system offers to invest up to 33 % 
into safe financial means, up to 50 % into medium risk 
financial means and up to 17 % into risky financial 
means. The allocation table is very useful for investors 
who do not have much experience, who hesitate to 
make an independent decision where and how to invest. 
The allocation table is important for all multi-agent 
securities assessment system. It will let to allocate work 
among task and information agents properly. However, 
these questions are not the theme of this article we will 
analyze them in other articles. 
In speaking of the characteristics of diversification 
system first of all we are going to analyze 
diversification decisions provided by the system 
concerning the various spectrums of fixed investor’s 
parameters. For this purpose we need drawn surfaces 
which connect two investor’s parameters (the third is 
considered to be fixed) to diversification decisions 
given by one of fuzzy logic-based systems (refer to 
Fig. 3). The examples of above mentioned surfaces are 
given on Fig. 6, 7, and 8. In these examples investor’s 
income parameter is fixed and it always corresponds to 
medium (average) income, to be more precise 2500 lt. 
Fig. 6 illustrates the surfaces of diversification decisions  
using “Allocation Low Risk Asset Fuzzy system“ (refer 
to Fig. 3), Fig. 7 illustrates the surfaces of 
diversification decisions  using “Allocation Medium 
Risk Asset Fuzzy system“, and Fig. 8 illustrates the 
surfaces of diversification decisions  using “Allocation 
High Risk Asset Fuzzy system“. 
Obtained surfaces are informative and it is not complex 
to interpret them. The surfaces are important because of 
two things. Firstly, they allow assessing the consistency 
and logic nature of the whole of expert rules and to 
notice possible mistakes. Secondly, decisions surfaces  
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Fig. 6. The surface of diversification decisions using 
“Allocation Low Risk Asset Fuzzy system“ 

 

 
 

Fig. 7. The surface of diversification decisions using 
“Allocation Medium Risk Asset Fuzzy system“ 
 

 
 

Fig. 8. The surface of diversification decisions using 
“Allocation High Risk Asset Fuzzy system“ 
 
show that portfolio diversification implemented by 
fuzzy logic-based systems has many versions of 

decisions what allows regarding investor’s 
characteristics (profile) individually. 
Let’s come back to the questions raised in the third 
section of the article, i.e. what does possible bigger or 
smaller number of linguistic values of investor’s 
parameters determine? In our case, for example the 
parameter age has three linguistic values (young, 
middle aged, elderly), system’s output parameter 
diversification decision can obtain one of five linguistic 
values (high, medium high, medium, medium low, low). 
After conducting of experiments with the system we 
noticed that bigger choice of linguistic values of 
investor’s parameters determines smoother surface of 
diversification decisions. In other words, if the choice 
of the linguistic values of the parameters is small, 
diversification surface will be very “angular” and 
determine the fact that a small change of parameter’s 
value will significantly change diversification decision 
what is not good and correct. The example of the 
surface of diversification decision (when using 
“Allocation High Risk Asset Fuzzy system” (refer to 
Fig. 3)), when the parameter diversification decision 
can obtain only three linguistic values (low, medium, 
high) is shown on Fig. 9. We can see that comparing 
Fig. 8 and Fig. 9 the latter is more “angular“. 
 

  
 

Fig. 9. The surface of diversification decisions using 
“Allocation High Risk Asset Fuzzy system” when the 
parameter diversification decision can obtain three linguistic 
values  
 
It is also useful to scan diagrams which show 
diversification decisions for the whole spectrum of 
tolerance towards risk if two other investor’s parameters 
(age and income) are fixed. The example of this 
diagram, when fixed investor’s age is 23 years old and 
incomes are 1300 Lt, is given on Fig. 10. 
Fig. 10 shows that if tolerance towards risk amounts 
30 % it is offered to invest most part about 80 % of 
investments into safe investment means, and the rest 
part into the means of medium risk. Further when 
tolerance towards risk increases the part of safe 
investment decreases and proportionally increases the 
part of medium and risky investments. Such diagrams 
are important for the calibration of the system, or rather 
for the connection of linguistic values with numeric 
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values or for the selection of membership functions 
which were discussed in the third part of the article 
(refer to Fig. 4). Experiments with the system showed 
that if this place is not “discerned” the results of the 
system can be illogical and wrong. 
 

 
 

Fig. 10. Diversification decision with two fixed parameters   
 

5. Conclusions 
 
The experiments with MADSYS system showed that 
we can successfully apply fuzzy logic for portfolio 
diversification task. One of the obtained advantages is 
that with a help of fuzzy logic we can expand the 
number of the variants of portfolio diversification and 
thus satisfy the needs of various investors to the 
maximum.  
For the created multi-agent securities assessment 
information system portfolio diversification system will 
allow planning tasks and the work of information agents 
more rationally, constrict the field of information search 
and calculation extent. 
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Abstract: For many application fields a classifier on a 
mobile device would be interesting. Such application 
could be a home-sleep-analyzer or an anaesthesia-
control device for ambulant and stationary surgeries, for 
example. So the question is: Does a Support Vector 
Machine (SVM) approach work on a microcontroller 
platform with restricted resources sufficiently fast to 
classify complex data in online mode? 
This paper will describe the implementation and show 
that the task can be performed without any loss of 
exactness compared with the results received by a 
Personal Computer (PC).  
 
Keywords: online classification, support vector 
machine, microcontroller, electro-encephalo-gram 
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1. Introduction 

  
The problem of pattern recognition and nonlinear 
classification has occupied scientist since several years 
for making programs more intelligent. Nowadays 
microcontroller applications become more and more 
important. Connecting these two aspects an infinite 
number of possible applications arise. 
An online classification of sleep for a mobile sleep 
analyzer is such a possible application. The main 
aspects of this application should be introduced in this 
paper.  
The EEG-Data are measured and amplified by an active 
frontal one-channel electrode [1]. Via Bluetooth the raw 
data were transmitted to the processing unit. As the 
prototype of this unit the Evaluation Board Stellaris® 
LM3S3748 by Luminary Micro (Texas Instruments) are 
used. On the contained microcontroller based on ARM 
Cortex™-M3 architecture up to 53 features were 
calculated every 10 seconds. The Support Vector 
Machine (SVM), which was trained by a Host PC, 
scales and classifies these features in online mode. The 
resulting classes are associated with sleep stages. 

For separate data acquisition, feature extraction and 
classification in several tasks the real time operating 
system FreeRTOS, which support multi task processing, 
was implemented on the microcontroller. 
Table 1 shows the eight possible classes to evaluate 
sleep quality. 
 
Table 1. Sleep classification 
  

Class 1 2 3 4 5 6 7 8 
Sleep stage S1 S2 S3 S4 REM WA MOV UI 
 
There are the six sleep-stages:  
- WA, awake  
- S1, drowsy sleep  
- S2, light and medium sleep  
- S3, transition to deep sleep  
- S4, deep sleep  
- REM (Rapid Eye Movement), dream sleep.  
 
Further the two classes should be identified by SVM: 
- Movement (MOV), when the patient had moved, and  
- Unidentified (UI), when no sleep-stage could 
identified because the signal is contaminated by 
biological and technical artefacts. 
 
In the following it should be demonstrated how it was 
possible to implement the SVM on the selected 
microcontroller-platform. Furthermore it will be shown 
that the accuracy between Personal Computer (PC) and 
microcontroller are assimilable. That means no 
difference classification results between Personal 
Computer (PC) and microcontroller. 
  

2. Methods 
  

2.1. Stellaris® LM3S3748 Evaluation Board 
 
On the Stellaris® LM3S3748 Evaluation Board a 
microcontroller based on ARM Cortex™-M3 
architecture is included. Table 2 illustrated hardware 
restrictions of the used microcontroller [2]. 
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Table 2. Stellaris® LM3S3748 
  

 Size Unit 
Flash 128 KB 

SRAM 64 KB 
Max Clock Frequency 50 MHz 

ADC Speed 1M samples per second 
 
2.2. Software Framework 
 
For evaluating classification tasks of the one channel 
EEG-signals in real time, a framework based on the real 
time operating system (RTOS) FreeRTOS was 
developed. The structure of this framework is shown in 
figure 1. 

 
Fig. 1. Structure of the framework based on the 
microcontroller hardware and its peripherals the Kernel 
provides API functions for the base and application tasks 
 
The „Kernel“-layer connects the processor including its 
internal and external peripherals with the base tasks, 
which implement the user interface. For hardware 
abstraction Texas Instruments provides the „Stellaris 
Peripheral Driver Library“[3], which integrates 
functions to easily access the controller peripherals. 
These functions are integrated in the ROM of the 
microcontroller and so they do not need extra memory 
when used.  
FreeRTOS is an open source real time kernel for 
preemptive or cooperative multitasking. It is mainly 
written in the programming language C, which allows it 
to be ported to different architecture. For intertask 
communication or communication between tasks and 
interrupt routines FreeRTOS provides queues, 
semaphores and mutexes. Also tools for tracing and 
security are integrated [4]. 
Three Tasks are used to implement the user interface. 
The button task is used to wait for button events. Once 
an event occurs the control task starts or stops 

application tasks depending on the current menu state. 
The menu structure, which is also implemented in the 
control task, and status reports are sent to a display task 
to give a feedback to the user. 
The main program consisting of acquisition, processing 
and classification of EEG-data, is divided in three 
application tasks. All application tasks can be connected 
to the display task, which allows presenting information 
like the EEG-signal, the power density spectrum or the 
calculated class.  
When a data packet is received, an interrupt service 
routine starts the EEG-task. In this task the EEG-data 
are extracted from the received packet. The feature 
extraction is called after a short period, whose length 
can be defined by the user. From this short period of 
EEG-data the discrete Fourier-transform and different 
partial features from the time domain are calculated. 
One epoch consists of a fixed amount of short periods. 
Usually a two second short period and 10 or 30 seconds 
epochs are used to classify sleep or anesthesia. If the 
actual epoch is finished, the calculated values from the 
short periods are averaged and several features are 
calculated.  
The new feature vector is passed to the classify task. 
The classifier can be supplied by the user via a define 
instruction in the corresponding header file. This 
enables the simple implementation of different 
classifiers without changing the source code of the 
application. 

  
2.3. Support Vector Machine 
 
The SVM is a mathematical method for separating two 
classes by means of a hyperplane H,  
 

 0,|  bxwxH   (1) 

 
where w is the normal vector, which is orthogonal to the 
hyberplane, b the displacement and <w,x> describe the 
dot product.  
The hyperplane is a linear plane in an n-dimensional 
feature space, e.g. figure 2. The data points, which are 
defined by features, next to the hyperplane are called 
“Support Vectors” (SV). 

  
  

Fig. 2. Separation of two classes by a hyperplane 

class 1 

class 2 

H
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To separate more than two classes the SVM approach 
cascaded the multiclass problem into multiple two class 
problems. 
For SVM classification two datasets are necessary, the 
training and validation dataset. On the basis of scaled 
training data the best hyperplane with its “Support 
Vectors” were determined by using cross validation. If 
the optimum was found the number of SV’s is 
independent of training-data, but in practises that it not 
always possible and the model complexity depends on 
training-data. At the end the also scaled validation data 
were classified with this model [5].  
Because the training procedure needs a lot of resources 
and it is not necessary to perform training on a mobile 
device, only the classification part was implemented on 
the microcontroller. That means scaling values and 
model data have to be stored. 
Because of the low complexity of the SVM, it seems to 
be very suitable for implementing on a microcontroller-
platform. 
To save memory capacity model data were stored on SD 
Card and read out just before using. Furthermore all 
values of the used data were stored in standard data type 
float instead of double. Analyses show that float has a 
sufficient accuracy. Differences occur just in the fifth 
decimal place of decision value. It could verify that 
there are no differences in classification results between 
PC and microcontroller.  
The complexity of the model plays an important role 
especially on microcontroller. The complexity of the 
model depends on: 
 

- the number of classes, which should be 
distinguished, 

- the number of training data  and 
- the number of features. 

 
A higher complexity means the handling of larger 
arrays are necessary which have to be stored on Static 
Random Access Memory (SRAM) and the computation 
time increase, too. 
That means a balance between model complexity and 
classification quality has to be found. The following 
part 3 is dedicated to these topics. 
 

3. Results 
  

The algorithm implemented on microcontroller 
performs a complete online classification of sleep on the 
basis of frontal one-channel EEG-data. In separate tasks 
EEG-data were collected, features were determined and 
classified. The following results were detected 
experimental. 
 
3.1. Timing 

  
For an online classification it is fundamental to have a 
real time system. If the classification, data-acquisition 
and feature-extraction tasks take more time than one 
epoch of data acquisition, in our case 10 seconds, the 
system is not able to fulfil the real time criterion.  

Table 2 and figure 3 show experimental detected 
average time duration of multiclass classification of 
sleep by using RBF-Kernel. 

 
Table 2. Average time duration of multiclass classification on 
microcontroller 
 

Number 
of classes

Time in 
seconds 

2 1.43 
3 2.12 
4 3.14 
5 4.70 
6 6.56 
7 8.65 
8 9.62 

 

 
 

Fig. 3. Average time duration of multiclass classification on 
microcontroller related to number of classes 
 
The feature extraction takes the average time of 0.32 
seconds per 10-second-epoch. That means the tested 
system is limited to a six class classification because of 
time duration of classification. A faster microcontroller 
and/or a simpler model (fewer features, fewer trainings 
data) would increase this limit. 
 
3.2. Memory 

  
In part 2.1 the physical limits of the used cortex-M3-
platform have been demonstrated. Feature extraction 
handle with arrays depending on number of samples per 
second and number of features. The number of samples 
per second have to be 512 Hz to conform to the AASM 
(American Academy of Sleep Medicine)-standard. The 
SVM handle with arrays depending on number of 
classes, number of features and complexity of model. 
Implementing SVM on microcontroller the restricting 
feature is accordingly the SRAM capacity. At eight-
class–classification SVM would need one-third of 
available SRAM. The SRAM consumption of SVM 
related to different number of classes is shown in table 
3 and figure 4. However an implementation of eight 
class classification with 53 features on the tested system 
was possible. 
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Table 3. SRAM consumption of SVM  
 

Number 
of classes 

Memory 
(SRAM) in 

bytes 
2 2236 
3 3640 
4 5452 
5 8768 
6 13564 
7 19740 
8 24460 

 
 

 
 

Fig. 4.  Memory consumption of SVM classification related to 
number of classes  
 

4. Conclusions 
  

The implementation of SVM on Cortex-M3 platform 
was successful. Furthermore the SVM classification on 

microcontroller results the same classes than 
classification on PC. 
The complete sleep classification system that was 
introduced is limited because of hardware resources like 
Max Clock Frequency and SRAM. For increasing these 
limits there are different possibilities: 
 

- software optimization, 
- increasing hardware resources and 
- simplifying classification model. 

 
In conclusion it is possible to implement SVM on 
microcontroller. However for all applications it has to 
be found a suitable compromise between model 
complexity, classification accuracy and costs (memory 
consumption and time duration). 
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Abstract: Hexapod robot is a complex electro-
mechanical machine. Before building a physical robot a 
simulation of its motions must be done in order to test 
its mobility, kinematics, terrain adaptability, etc. In this 
paper we present hexapod robot simulation in 
MATLAB. Purpose of simulation is to test hexapod 
robot’s leg and body kinematic calculations, trajectory 
generation methods, different hexapod gaits. Simulation 
also serves as robot control method testing environment. 
 
Keywords: hexapod robot simulation, hexapod motion 
simulation, hexapod kinematics. 

 
1. Introduction 

 
Legged locomotion is more superior than wheeled 
because of the ability to move over irregular terrain. 
Because of this advantage legged robots gain much 
attention. Most popular legged robots operate on two, 
four and six legs. Though two legged robots attract 
most of the researcher’s attention, walking on even 
terrain is yet a big challenge for them [1]. For moving 
over rough terrain mostly quadruped and hexapod 
robots are used as it is easier to control their balance 
and stability. Hexapod robots are ideal for navigating 
over irregular terrain because of their static stability. 
Though hexapod robot is a complex electromechanical 
machine with at least 18 degrees of freedom (DoF) and 
complex kinematics that leads to greater control 
complexity [2]. Such robot navigation is difficult and 
challenging task [1]. 
Due to hexapod robot mechanical and control 
complexity it is helpful to test it by simulating its 
motions. 
In this paper we present a hexapod robot simulation 
written in MATLAB environment. The purpose of this 
simulation is to test robot’s leg and body kinematic 
calculations, trajectory generation methods for tripod 
gait and robot movement. Also this simulation serves 
for simple robot control method [3] implementation. 
 
 
 
 

2. Leg kinematic calculation evaluation 
 

To test one leg inverse kinematics calculations a 
MATLAB program was written. One leg inverse 
kinematic calculations were made using geometric 
method [4, 5]. Based on received equations following 
MATLAB program for leg simulation was written (Fig. 
1). 
 

 
 

Fig. 1. One leg inverse kinematics simulation program in 
MATLAB. x_t, y_t, z_t – leg feet coordinates, l1 – femur 
length, l2 – tibia length, theta1, theta2, theta3 – motor rotation 
angles 
 
The simulation was done by commanding legs foot to 
take certain position then representing it graphically 
(Fig. 2, 3). 
To test leg kinematics, foot was given coordinates 
x = 10 mm, y = 20 mm, z = 30 mm. While in neutral 
position foot coordinates in body frame were: 
 

x = –134.5 mm, y = –125 mm, z = –85 mm. 
 

After performing ordered move, foot position in body 
frame became: 
 

x = –144.5 mm, y = –105 mm, z = –55 mm. 
 

This leads to a conclusion that leg inverse kinematic 
calculations are performed correctly. 

%IK DP kojai 
x_t = l1+feet_coord(1,1)-(leg_base_coord(1, 
1)-75.5); 
 
y_t = feet_coord(1,2)-(leg_base_coord(1, 
2)-125); 
 
z_t = -l2+feet_coord(1,3)-
(leg_base_coord(1, 3)-0); 
 
l4 = sqrt (x_t^2+y_t^2)+l3; 
B = sqrt ((l4-l3)^2+z_t^2); 
q1 = asin (z_t/B); 
q2 = acos ((l1^2-l2^2+B^2)/(2*l1*B)); 
theta1 = atan (y_t/(x_t+l3)); 
theta2 = q1+q2; 
theta3 = acos((l1^2+l2^2-B^2)/(2*l1*l2)); 
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3. Robot body kinematic calculation evaluation 

 
Hexapod robot is a complex electromechanical 
machine. Each robot’s leg has 3 DoF, thus giving the 
whole robot 18 DoF. Solving inverse kinematics for 
such system could be a very difficult task. One of the 
easiest ways to solve inverse kinematics for hexapod 
robot is by using homogenous transformation matrices. 
 

 
 

Fig. 2. Neutral leg’s position. Motor angles are 
1 2 30 , 0 , 180          

 

 
 

Fig. 3. Leg position set to x = 10 mm, y = 20 mm, z = 30 mm. 
Motor angles are 1 11.65    , 2 27.97    , 3 165.4    
 
Basically this method translates each leg’s base 
coordinate frames into robot’s body coordinate frame. 
So when robot’s body is commanded to rotate or shift 
along its axes, inverse kinematics calculates each leg’s 
base coordinates in body frame. Then one leg’s inverse 
kinematics calculates needed motor angles so that robot 
would take given pose. 
Using this method following MATLAB program was 
written to simulate hexapod robot’s body motions 
(Fig. 4). 

To test body inverse kinematics calculations three shifts 
and three rotations were performed. Robot body inverse 
kinematics was first tested by ordering body to shift 
along x axis for 50 mm (Fig. 5), along y axis for 50 mm 
(Fig. 6) and along z axis for 30 mm (Fig. 7). 
Then robot’s body was ordered to perform three 
rotations around each of the axes, around x for 20° (Fig. 
8), around y for 20° (Fig. 9) and around z for 20° (Fig. 
10). 
 

 
 

Fig. 4. Body inverse kinematics calculation program in 
MATLAB. Here: Rx, Ry, Rz – homogenous rotation matrices, 
T_DP, T_DV, T_DG, T_KP, T_KV, T_KG – homogenous 
transformation matrices for displacement along x, y, and z 
axes. B_DP, B_DV, B_DG, B_KP, B_KV, B_KG – 
homogenous transformation matrices for transforming leg 
base coordinate systems into body coordinate system. 
 

 
 

Fig. 5. Body shift along x axis 

Rx = [1 0 0 0 ; 0 cos(a) -sin(a) 0; 0 
sin(a) cos(a) 0; 0 0 0 1]; 
Ry = [cos(b) 0 sin(b) 0; 0 1 0 0; -sin(b) 0 
cos(b) 0; 0 0 0 1]; 
Rz = [cos(c) -sin(c) 0 0; sin(c) cos(c) 0 
0; 0 0 1 0; 0 0 0 1]; 
  
T_DP = [1 0 0 x_B+L2/2; 0 1 0 y_B+L1/2; 0 0 
1 z_B; 0 0 0 1]; 
T_DV = [1 0 0 x_B+L2/2; 0 1 0 y_B; 0 0 1 
z_B; 0 0 0 1]; 
T_DG = [1 0 0 x_B+L2/2; 0 1 0 y_B-L1/2; 0 0 
1 z_B; 0 0 0 1]; 
  
T_KP = [1 0 0 x_B-L2/2; 0 1 0 y_B+L1/2; 0 0 
1 z_B; 0 0 0 1]; 
T_KV = [1 0 0 x_B-L2/2; 0 1 0 y_B; 0 0 1 
z_B; 0 0 0 1]; 
T_KG = [1 0 0 x_B-L2/2; 0 1 0 y_B-L1/2; 0 0 
1 z_B; 0 0 0 1]; 
  
B_DP = Rx*Ry*Rz*T_DP; 
B_DV = Rx*Ry*Rz*T_DV; 
B_DG = Rx*Ry*Rz*T_DG; 
  
B_KP = Rx*Ry*Rz*T_KP; 
B_KV = Rx*Ry*Rz*T_KV; 
B_KG = Rx*Ry*Rz*T_KG; 
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Fig. 6. Body shift along y axis 
 

 
 

Fig. 7. Body shift along z axis 
 

 
 

Fig. 8. Body rotation around x axis 

 
 

Fig. 9. Body rotation around y axis 
 

 
 

Fig. 10. Body rotation around z axis 
 
4. Tripod gait trajectory generation and simulation 

 
To simulate hexapod robot movement a tripod gait was 
chosen. Tripod gait was generated by using expressions 
(1, 2): 
 

0;
cos( ); cos( ) 0
sin( ).
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According to (1, 2) equations a program (Fig. 11) was 
written to test hexapod tripod gait trajectory generation 
and robot movement using tripod gait. 
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Fig. 11. Tripod gait trajectory generating MATLAB program. 
DP_x, DP_y, DP_z – needed foot coordinates. DP_ph – leg 
trajectory phase. 
 
Using such expressions it is easy to change step height 
and length, by changing parameters l and h. Thought 
these expressions cannot be adapted for other hexapod 
robot gaits, such as wave and ripple gaits. Further work 
would be to derive expressions that could be used for 
any robot gait. 

 
 

Fig. 12. x, y, z time functions of tripod gait, 0i  , l = 1, 
h = 1 
 

 
 

Fig. 13. Tripod gait trajectory, l = 1, h = 1 
 

5. Adapting simulation program for robot control 
 
MATLAB may be not the best solutions for robot 
simulation, but its program with little effort could be 
adapted for hexapod robot control. 
One way would be to overwrite all code by hand as all 
methodology of control program would be known. 

Advantages of such way are that all code would be 
more optimized and easier to read and debug. 
Second way is to use code converters to convert 
MATLAB code other required code. This would take 
less time but received code would more difficult to read 
and debug. 
Such simulation program also can a very good indicator 
on what processing power would be needed to ensure 
real-time calculations and fluent robot control. It is 
already obvious that such calculations will take a lot of 
processors calculating power. 
 

6. Conclusions 
 
MATLAB software can be easily used to simulate 
hexapod robot kinematic calculations, trajectory 
generation methods and robot motions. 
Leg inverse kinematic calculations derived using 
geometrical method was tested. It was done by ordering 
robot’s foot to take certain position and then visualizing 
test results. 
Hexapod robot body inverse kinematic calculations 
obtained with homogenous transformation matrices 
were tested. This test was done by ordering robot’s 
body to shift and rotate around each of its body frame 
axes. 
Used tripod gait trajectory generation method is very 
simple as it uses only two trigonometric functions. 
However this method cannot be adapted to generate 
other gait trajectories. Further works involve deriving 
expressions that would allow generating trajectories for 
any gait pattern. 
MATLAB is not the best software for robot motion 
simulation. Yet simulation written in MATLAB 
environment allows easier simulation code adaptation 
for embedded robot control. 
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if (cos(pi*t+DP_ph)>=0) 
    DP_y=l*sin(pi*t+DP_ph); 
    DP_z=h*cos(pi*t+DP_ph); 
    DP_x=0; 
else 
    DP_y=l*sin(pi*t+DP_ph); 
    DP_z=0; 
    DP_x=0; 
end 
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Abstract: Paper deals with three types of voice-based 
computer dialogues for impaired people: a) voice 
dialogue for switching on/off electric appliances or 
starting the required computer program by voice 
command – it could be applied for motor handicapped 
people; b) voice dialogue for computer control by voice 
– it could be applied for visually impaired people; c) 
telephonic voice dialogue for mobile users. The 
problems of creating above mentioned voice dialogues 
and the results of Lithuanian voice commands 
recognition are presented. 

  
Keywords: Lithuanian voice commands recognition, 
voice-based dialogue, speech server. 

  
1. Introduction 

  
It is well known fact that speech recognition based 
interfaces could be of great value in many applications. 
This is particularly true for the applications oriented to 
the telecommunication users. A speech input interface 
based on speech recognition also called as Voice User 
Interface (VUI) has already been applied to many 
applications. Particular benefits could be achieved by 
disabled people. Automatic speech recognition is 
potentially of enormous benefit to people with severe 
physical disabilities. The tremendous richness of human 
speech communication gives the user many degrees of 
freedom for control and input. The speed of speech 
recognition also gives it a potential advantage over 
other input methods commonly employed by physically 
disabled people [1]. 
Environmental Control Systems (ECS) are available 
which address many elements of home management for 
disabled people, such as control of audio-visual 
equipment, telephones, doors and curtains as well as the 
ability to summon assistance. ECS with speech 
recognition have been introduced and a number of such 
systems are available on the market [1]. Speech 
technology has “always” (at least since the mid 
1990’ies) implicitly or explicitly addressed users with 
visual or mobile disabilities, sometimes “disguised” as a 

more general goal of enabling eyes-free/eyes-busy or 
handsfree/hands-busy access to web browsing and other 
applications [2].  
In recent years we saw significant number of new such 
type services and prototypes presented and developed in 
various countries and in various fields. Speech 
recognition engines have one very important factor: 
they are not language independent and depend on the 
language spoken by the users of the system [3]. 
Microsoft and other major speech technologies 
providers develop and market speech engines for 
popular languages having many native speakers 
(English, Spanish, French, etc.). Many other less widely 
used languages remains out of the scope of interest for 
the major speech recognition solution providers. The 
adaptation of the foreign language based engine for the 
recognition of the native language has the potential to 
achieve some practically acceptable results faster than 
developing entirely new speech recognition engine [4]. 
Speech recognition and speech synthesis are often only 
a part of the VUI solution. Three design patterns are 
commonly used for a VUI or voice dialogue [5]: 

 system initiative; 
 user initiative; 
 mixed initiative. 

In a system-initiative model, the system directs the flow 
of the dialog by asking specific questions. This is 
probably the most common design used today. It avoids 
recognition problems because the users are always told 
what they can say. The two most commonly used 
system-initiative techniques are form-filling dialog and 
menu dialog. Form-filling dialog is useful when the user 
has information you want, and the user does not know 
how to accomplish the application’s task. The user is 
essentially just answering questions that your 
application asks, and your application stores the user’s 
answers. With the menu dialog technique, the 
application presents the user with a series of choices, 
and the user must select one. 
In a user-initiative system, the user drives the flow of 
the dialog. The system confirms what the user said only 
when it recognizes speech. Using this model, the users 
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must either know what they can say or they need to 
figure it out by trial and error. 
The mixed-initiative pattern allows users to supply 
multiple pieces of information at one time, in any order. 
The application will then prompt the users for any 
missing information and ask them to confirm their 
selection. Basically, the application can be a user-
initiative system, and then become a system-initiative 
system when it needs to be. 
This paper deals with the attempts to evaluate 
possibilities to adapt some foreign language oriented 
speech engines for the development of Lithuanian 
spoken language based voice dialogues. The 
requirements for telephony-based voice dialogues 
(voice-only applications) are considerably stronger 
comparing with computer-based voice dialogues. 

 
2. Voice dialogues of voice-only applications 

 
An effective dialogue is the key component to a 
successful interaction between a voice-only application 
and a user. A voice-only application interacts with the 
user entirely without visual cues. The dialogue flow 
must be intuitive and natural enough to simulate two 
humans conversing. It must also provide a user with 
enough context and supporting information to 
understand the next action step at any point in the 
application. 
Speech servers integrate whole set of computer 
interaction means: voice, computer, telephony, internet, 
and databases. It was noted that, for example, Microsoft 
speech server (MSS’2007) is basis for the 
approximately thousand of different demo applications. 
These applications have very high efficiency (the cost 
of service and transaction time is reduced in orders) [6]. 
The typical structure of voice dialogue, implemented in 
MSS’2007, has a main or initial prompt that is played 
on entry, plus a number of other supporting prompts 
that either restate the question or directive in a 
contextually appropriate way or offer help as the user 
traverses the state (Fig.1).  

 

Fig. 1. The typical structure of voice dialogue in MSS’2007 

 

Successful recognitions proceed to the next state. A 
give-up or failure can either send the user back to some 
predetermined state in the system to try another 
approach, or the system may offer to connect the user to 
a live operator [6].  
One more feature of MSS’2007 – the allowing of 
barge-ins. It means that users can say their input before 
the prompt has finished speaking. Experienced users 
will be able to get to the part of your application that 
they need more quickly. New users will find it helpful 
to say the selection they want as they hear it. By 
allowing barge-ins, your users will complete their calls 
more quickly, saving them time and saving you 
resources—shorter call times mean fewer resources you 
need to provide [6]. 

 
3. Voice dialogue for switching of electric devices 

  
The simple recognition program “Simple Dictation” 
was adapted for control of electric devices by voice. 
This program is supplied together with Microsoft 
Speech SDK. The human interface device (HID) API 
functions for HID device searching, sending and 
receiving reports were added to this program. USB 
interface board VM110 and relay board VM129 were 
used as hardware for control of electric devices by voice 
[7]. The developed system can turn on or turn off eight 
electric devices by voice commands, but it can be easily 
supplemented with other functions, because USB 
interface board has digital inputs and analog 
inputs/outputs too. 
The program for control of electric devices by voice 
was tested initially with Lithuanian and English speech 
recognition engines: Lithuanian speech recognition 
engine “ARVRKRPK Lithuanian Recognizer” and 
Microsoft English US 6.1 recognition engine were used.  
Ten Lithuanian commands of electric devices switching 
were chosen for recognition accuracy investigation. All 
commands differed by acoustic content: instead of using 
the similar commands “turn-on the lamp”, “turn-off the 
lamp”, unlike commands “fire the lamp”, “out the light” 
were used. Results of experiments were presented in 
[7]. The average accuracy of Lithuanian commands 
recognition by English recognizer was 93.8%, the 
average accuracy of Lithuanian commands recognition 
by Lithuanian recognizer – 99.5%. The training 
procedure is needful for Lithuanian recognizer while 
English recognizer is speaker-independent.  
Above mentioned program was redone to voice 
dialogue. The system-initiative model with the menu 
dialog technique was used: the application presents the 
user by audio prompt with a series of choices and the 
user selects one by voice command. Microsoft English 
Recognizer v7.0 telephony was used in new testing 
experiments because Lithuanian recognizer so far is not 
suitable for practical applications. 
Three sets of Lithuanian commands were prepared: first 
set of commands consisted of ten commands with the 
similar words (“turn-on the lamp”, “turn-off the lamp” 
et all), second set consisted of ten commands, used in 
the previuos experiment. with the unlike words (“fire 
the lamp”, “out the light”et all), third set consisted of 14 
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commands for impaired people („read the text”, „turn 
on the browser”, „measure the blood pressure” et all). 
Each command was spoken 100 times by one speaker-
woman. The averaged accuracy of Lithuanian 
commands recognition is shown in table 1. During the 
recognition optimization procedure multiple 
transcriptions of commands or the replacement of words 
in the commands were used. 

 
Table 1. The accuracy of Lithuanian commands recognition 
by English recognizer (commands for switching of electric 
devices) 

Commands Initial 
accuracy, % 

Accuracy after 
optimization, % 

First set 76.6 - 
Second set 96.6 100 
Third set 92.4 100 

 
4. Voice dialogue for computer control by voice 

 
The program for computer control by voice commands 
“Balsas”, based on Microsoft SAPI (Speech Application 
Programming Interface) was presented in [7]. It works 
with any installed in the system speech recognition 
engine, which corresponds with SAPI specification. The 
possibilities of program „Balsas”: 
 starting of programs: after recognition of some 

predefined voice commands the actions to start 
executable files (exe type) are initiated; 

 opening of websites: after recognition of this type 
of command website which is attributed to the 
command is opened; 

 simulation of key combinations: simulation by 
control key combinations enables to control with 
voice commands the operation of program which 
has corresponding key combinations; 

 input of words by spelling in the dictation mode: 
in this mode necessary symbols and letters have 
corresponding voice commands. For example, if we 
want to write word „four“ we spell word by letters. 
One of the possible applications is the input of 
website name into address toolbar of browser. 

The essential feature of the control program is the 
possibility to make and to change voice commands and 
the possibility to change reactions to voice commands 
using the button „Settings”. 
This program was remastered to system-initiative voice 
dialogue too. In the first stage of voice dialogue the user 
selects by voice either one of controlled programms 
(internet browser, Microsoft Office Word, audio player 
or data basis) or dictation mode. Instead of unlimited 
number of control commands as in program „Balsas”, 
voice dialogue enables only the fixed number of control 
commands. It is implemented by reloading the grammar 
with the transcriptions of Lithuanian commands. Thus 
the excellent accuracy of Lithuanian commands 
recognition by Microsoft English Recognizer v7.0 
telephony was achieved (Table 2). The lists of 
commands were composed to involve basic operations 
of controlled program, for example, „turn on audio 
player”, „turn off”, „next”, „pause”, „stop”, 

„volume”,”quiet down” and so on. Multiple 
transcriptions were used for this mode.  
It is obviuosly, that the recognition accuracy of letters 
could be considerably improved using the appropriate 
set of words, as in the Morse alphabet. So the 
appropriate Lithuanian name was chosen for each letter: 
„Antanas” for letter b”a”, „Benediktas” for letter „b” 
and so on. Selection of appropriate names was done 
experimentally by testing the recognition accuracy of 
ten Lithuanian names for each letter and taking the best 
recognized name. Single transcriptions of names were 
used, i.e., the optimization procedure of transcriptions is 
not finished.  
 
Table 2. The accuracy of Lithuanian commands recognition 
by English recogonizer (commands for control of computer 
programms) 

Mode or 
controlled 
program 

Speech database Accuracy, 
% 

Program 
selection 

1 speaker, 7 commands, 
20 utterances 

100 

Internet 
browser 

1 speaker, 19 commands, 
20 utterances 

100 

Microsoft 
Office Word 

1 speaker, 25 commands, 
20 utterances 

100 

Audio player 1 speaker, 15 commands, 
20 utterances 

100 

Data basis 1 speaker, 7 commands, 
20 utterances 

100 

Dictation 2 speakers, 26 Lithuanian 
names, 100 utterances 

96.4 

 
5. Voice dialogue for mobile users 

 
Investigations of voice servers application for 
Lithuanian language enabled to understand the 
principles of voice dialogues organization in speech 
server [8]. The voice dialogue of digits recognition was 
prepared on MSS’2007 according the Fig.1 [4].  
Ten Lithuanian digits from 0 to 9 were chosen as 
speech database, because recognizing of digits is a 
common task used by wide variety of applications. 
Gathering policy numbers, catalog numbers, license 
plate numbers, etc., are typical tasks that involve digits 
recognition 
German (Microsoft Speech Recognizer 9.0 for MSS 
(German-Germany)), English (Microsoft Speech 
Recognizer 9.0 for MSS (English-US)), French 
(Microsoft Speech Recognizer 9.0 for MSS (French-
Canada)) and Spanish (Microsoft Speech Recognizer 
9.0 for MSS (Spanish-US)) recognizers are implemented 
in MSS’2007  and were used in next experiment. Each 
digit was spoken 100 times by one speaker-man and one 
speaker-woman. The details of experiment were 
presented in [4]. The accuracy of Lithuanian digits 
recognition by German, English, French and Spanish 
recognizers is shown in the table 3. 
For next experiments with Lithuanian digits names, 
speech corpora was collected which contain utterances 
from 20 different speakers. In this case each speaker 
pronounced 10 digit names 20 times. English and 
Spanish recognizers were selected for the comparison. 
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The recognition accuracy of each voice command using 
English and Spanish recognizers is shown in Fig. 2. 

 
Table 3. The accuracy of Lithuanian digits recognition by 
German, English, French and Spanish recognizers 

Speaker German English French Spanish 
KR, man 58.4 76.4 52.8 88.2 
GB, woman 51.8 59.0 76.8 98.8 
Average 55.1 67.7 64.8 93.5 

 
It could be seen that Spanish recognizer provided 
significantly better results than English recognizer. It is 
important that Spanish recognizer allowed avoid such 
recognition accuracy “holes” as with the commands 3 
and 4. The overall recognition accuracy increased from 
77% using English speech recognizer to the 97% using 
Spanish one.  
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Fig. 2. The recognition accuracy of 10 Lithuanian voice 
commands using English and Spanish speech engines 

 
The recognition of personal identification code was 
simulated by recognizing digits strings. Table 4 shows 
the recognition accuracy of digits strings when Spanish 
or English recognizer was used. Three different 
experiments were carried on: in the first experiment 
string consisted from 4 digits, in the second from 8 
while in the third from 11 digits. 

 
Table 4. Recognition accuracy of digits strings using English 
and Spanish recognizers 

String size 4 8 11 
English, acc. % 60.9 52.3 44.5 
Spanish, acc. % 90.4 87,7 80 

  
It could be seen that advantages of Spanish recognizer 
could be seen even better when recognizing strings of 
digits. Even long strings from 11 digits were recognized 
with rather high 80% accuracy while using English 
recognizer this accuracy felt to the in principle 
unacceptable 44% rate. 
 

6. Conclusions 
 
Two voice dialogues (for switching of electric devices 
and for computer control by voice) are prepared for 
visually impaired people. Very high recognition 

accuracy of some sets of Lithuanian voice commands 
was achieved, but it should be proved with speech 
corpora. 
Voice dialogue of voice-only application should be 
realized on speech servers: it integrates together 
telephony, speech and internet and warrants neccessary 
attributes of voice dialogue for mobile users. The 
recognition accuracy of ten Lithuanian digits was 
investigated on Microsoft speech server using different 
foreign language speech engines. Spanish speech engine 
enabled to achieve significantly higher recognition 
accuracy than English engine: overall recognition 
accuracy increased from 77% for the English engine to 
the 97% for the Spanish engine. 
Many services require the identification of user. It could 
be done giving users name/surname or some nickname 
as well as giving some code (personal number). The 
recognition of personal identification code was 
simulated by recognizing digits strings: even long 
strings from 11 digits were recognized with rather high 
80% accuracy by Spanish recognizer. 
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Abstract: In many industrial design applications, cutting 
down the cost of natural experiments or complex 
simulations involves use of so-called surrogate models 
that mimic the behavior of the original system as closely 
as possible while being much cheaper to evaluate. This 
includes minimizing the necessary number of sample 
points and utilizing an efficient modeling method. In 
this paper, a surrogate modeling procedure is proposed 
incorporating a phantom-space method for designing of 
experiments and an adaptive regression modeling 
method based. The paper also demonstrates the 
efficiency of the proposed procedure in a practical 
application in the field or robotics. 
 
Keywords: Surrogate modeling, design of experiments, 
space-filling design, adaptive regression. 
 

1. Introduction 
 
In many industrial applications, to cut down either the 
cost of natural experiments or the computational cost of 
complex, high fidelity scientific and engineering 
simulations, they are often substituted with regression 
models (in this context also referred to as surrogate 
models) that mimic the behavior of the real world 
systems or the simulations as closely as possible while 
being much cheaper to evaluate [4,11,16]. Surrogate 
models are then used in place of further real world or 
simulated experiments making possible such routine 
tasks as design optimization, design space exploration, 
sensitivity analysis and what-if analysis which can 
require thousands or even millions experimental 
evaluations. 
While building surrogate models, the exact, inner 
working of the system at hand is not assumed to be 
known (or even understood), solely the input-output 
behavior is important. A model is constructed based on 
modeling the response of the system to a limited 
number of intelligently chosen sample points. The 
process of building a surrogate model usually involves 
two major steps which may be interleaved iteratively: 1) 
sample selection (known as design of experiments, 
DOE); 2) construction of the surrogate model that best 

describes the behavior of the system and estimation of 
its predictive performance. 
The primary objectives of surrogate modeling are to 
obtain a model that is as accurate as possible and to 
minimize the required computational and experimental 
effort [9, 11]. This includes minimizing the necessary 
number of sample points and utilizing a computationally 
efficient modeling method of high predictive 
performance. 
In this paper, a surrogate modeling procedure is 
proposed which incorporate: 1) a space-filling method 
for designing of experiments based on an analogy of 
uniform distribution of charged particles in alongside 
placed multidimensional phantom spaces; 2) an adaptive 
regression model building method based on a heuristic 
search through an infinite space of models-candidates. 
The rest of this paper is organized as follows. In the 
next section the space-filling method for designing of 
experiments is discussed. Then the approach of adaptive 
regression model building is described. Next section 
demonstrates the proposed procedure in an application 
of a robotic arm throwing a ball to a target. And finally, 
the last section concludes the work and gives directions 
of possible future research. 
 

2. Design of Experiments 
 

Important research issue associated with surrogate 
modeling is how to achieve good accuracy of a 
surrogate model with reasonable number of sample 
points. While the accuracy of a surrogate model is 
directly related to the modeling technique used and to 
properties of the problem itself, the type of sampling 
approaches have a direct influence on the approximation 
performance. It is generally accepted that space-filling 
designs, for example the Latin Hypercube design, are 
preferable for building of surrogate models. Currently, 
there is a wide range of literature concerning different 
methods for DOE including many approaches for space-
filling designs [9,4,2,and 15]. 
One of the approaches for space-filling DOE is to use 
the analogy of abstract charged particles and their 
interaction forces. The approach is based on the 
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assumption that charged particles enclosed in a finite 
space tend to arrive at a stable state, i.e., the system 
tends to take a state with minimal potential energy. As a 
result, a homogeneous experimental plan with 
uniformly deployed sample points throughout the space 
is obtained. 
One of the first similar methods was proposed by [1]. 
Their work was guided by the following simple 
considerations – it is known that gas molecules (without 
regard to its internal processes) in any enclosed space 
collocate steadily, supported by repulsion forces 
between molecules (see Fig. 1). Forces between 
molecules make a field that has the potential energy and 
in any such system will eventually take a state in which 
potential energy is minimal. For simplicity, it is 
assumed that the repulsion forces between the 
molecules are inversely proportional to the square of the 
distance between them. It gives the following potential 
energy expression: 

 

 . (1) 
 

 
 

Fig. 1. Movement of gas molecules in a closed space 
 

Molecules have their own internal processes, which 
make the molecules to move without interruption, 
therefore hereafter, instead of molecules, more abstract 
entities – charged particles, are discussed. Charged 
particles interact with each other, depending on the 
distance at which they are located, as well as the 
magnitude of their charge. 
Supplementing the above example with infinite space in 
all directions, where the actual domain of experiments 
with its experimental points is repeating over and over 
(hereinafter will be referred to as the phantom quasi-
space and the phantom points therein), an infinite quasi-
space with charged particles in it, is obtained. After a 
certain time, the system will take a stable position and 
the distance between all the charged particles will be 
constant. However, in practice to create an experimental 
design using this approach, the infinite set of quasi-
spaces must be limited. 
Using the idea of the phantom quasi-spaces ensures that 
the sample points have equal probability to stay in any 
position of area of the experimental domain. Without 
the phantom spaces a large subset of sample points 
would always end up exactly on the boundary of the 
experimental domain. This is especially important if the 
plan is highly dimensional or there are only very few 

sample points available. Fig. 2 shows how the 
experiment plan is obtained without the phantom quasi-
spaces, where Pi is i-th sample point and Fi is resultant 
force. 

 

 
 

Fig. 2. Movement of charged particles without phantom 
spaces 
 
A phantom space is identical to the area of actual 
domain of experiments with identical positions of the 
experiment points on it. Phantom spaces are distributed 
around the experimental area, creating a system that 
extends the domain, introducing with imaginary 
continuations. Because each phantom quasi-space also 
contains phantoms of each sample point, they interact 
with the actual sample points in the same way as the 
actual sample points themselves. Consequently, it is 
ensured that the sample points are not concentrated 
close to the boundaries of the experimental domain, but 
instead are homogeneously distributed throughout the 
area. 
In case of experimental design with one design 
parameter, there should be two phantom spaces – one 
before the actual experimental domain and one after the 
domain. Fig. 3 shows how phantom spaces are 
spreading in the positive and negative directions. The 
phantom spaces can be imagined as infinite set of 
spaces in all possible directions (see Fig. 4). Here, all 
experiment points and their phantoms are labeled as x. 
 

 
 

Fig. 3. Phantom spaces in case of one design parameter 
 

 
 

Fig. 4. Infinite phantom spaces in case of one design 
parameter 
 
In two-dimensional case, it looks similarly. The infinite 
number of phantom quasi-spaces spread all around in all 
possible directions (see Fig. 5). It can also be observed 
the rapidly growing number of the phantom spaces and 
phantom points depending on the design space 
dimensionality. 
Each sample point has a certain number of phantoms 
depending on the dimensionality. Any actual sample 
point on each side of the single-level phantom spaces 
has symmetric phantom points with inversely directed 
charge vectors. As the forces acting between the 
charged particles are inversely proportion to the square 
of the distance between the particles, increasing the 
distance makes the difference between the opposing 
forces (symmetric) of distant-level phantom points 
become minimal: 
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where r is distance between a sample point and a distant 
phantom and Δ is the difference between distances from 
sample points to symmetric phantoms. Now the infinite 
set of phantom spaces can be reduced to a finite number 
of phantom quasi-spaces. 
 

 
 

Fig. 5. Infinite set of phantom spaces in case of two design 
parameters 
 
In order for the system to reach a stable state, the 
sample points (charged particles) must be allowed to 
move in all quasi-spaces. All the corresponding points 
in all the quasi-spaces move simultaneously identically 
to their counterparts and together with their 
corresponding actual sample points of the experimental 
domain. In a real world, all charged particles would 
move simultaneously and quickly obtain a steady state 
where the absolute values of resultant forces become 
minimal. However, in computer calculations, one must 
decide on a mechanism to determine how the charged 
particles must be relocated. In the practical 
implementation, in each step of the process a particle 
must be found that is affected from other points the 
most and move it in direction of resultant force. This 
way step-by-step the process continues until the system 
reaches a stable state. When the system is stabilized, it 
can be said that experiment plan has been created. 
It should be noted that in this step-by-step process there 
are situations where the sample points from the actual 
domain area can move from the domain area to a 
phantom quasi-space. In this situation, as all the 
corresponding particles are moving simultaneously and 
identically, at the same time a phantom point is entering 
the domain area from the opposite phantom quasi-space 
and becomes a sample point. And, as the number of the 
phantom quasi-spaces is infinite, there is no particle 
missing in any phantom quasi-space. 
 

3. Adaptive Regression Modeling 
 

Originally surrogate modeling was associated with low-
degree polynomial regression models which have global 
nature in describing numerical responses. They have 
been well accepted in engineering practice, as they 
require low number of sample points and are 
computationally very efficient. On other hand they are 
loosing efficiency when highly nonlinear behavior 
should be approximated. Instead, higher-degree 

polynomials can be employed. However, if no special 
care is taken, they tend to overfit the data and produce 
high errors especially in regions where the sample 
points are relatively sparse. 
One possible remedy for the overfitting problem is 
employment of the subset selection techniques. These 
are aimed to identify the best (or near best) subset of 
individual polynomial terms (basis functions) to include 
in the model while discarding the unnecessary ones, in 
this manner creating a sparse polynomial model of 
increased predictive performance. 
However the approach of subset selection assumes that 
the chosen fixed full set of user-predefined basis 
functions (usually predefined just by fixing the maximal 
degree of a polynomial) contains a subset that is 
sufficient to describe the target relation sufficiently 
well. Hence the effectiveness of subset selection largely 
depends on whether or not the predefined set of basis 
functions contains such a subset. Generally, the required 
maximal degree is not known beforehand and needs to 
be guessed (or found by additional search over the 
whole subset selection process) since it will differ from 
one regression task to another. In many cases 
(especially when the studied data dependencies are 
complex and not well studied) this means either a non-
trivial and long trial-and-error process or acceptance of 
a possibly inadequate model. 
There exists a different approach for sparse polynomial 
model building – Adaptive Basis Function Construction, 
ABFC [8,7]. The approach enables generating sparse 
polynomials of arbitrary complexity and degree without 
the requirement to predefine any basis functions or to 
pre-set the degree – all the required basis functions are 
constructed adaptively specifically for the data at hand. 
Additionally, in contrast to a number of other state-of-
the-art surrogate modeling techniques the models built 
by the ABFC can be expressed as explicit and simple-
to-use regression equations. 
Assuming that x is an input to the actual computer 
analysis or natural experiment, generally a polynomial 
regression model can be defined as a basis function 
expansion: 
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where β is vector of coefficients for the model; k is the 
number of the basis functions included in the model; 
and fi(x) is a basis function generally defined as a 
product of original input variables each with an 
individual exponent: 
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where d is the number of input variables; and r is a kd 
matrix of non-negative integer exponents such that rij is 
the exponent of the j-th variable in the i-th basis 
function. Note that when for a particular basis function 
all the exponents are equal to zero, the basis function is 
the intercept term. The coefficients β are determined by 
minimizing least squares: 
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where n is the number of available sample points; x(i) is 
the input value of the i-th sample point; and y(i) is the 
actual response value of the i-th sample point. 
Given a number of input variables d, matrix r with a 
specified number of rows k and with specified values of 
each of its elements completely defines the structure of 
a polynomial model with all its basis functions. 
Moreover, as neither the upper bounds of r elements’ 
values nor the upper bound of k are defined, it is 
possible to generate polynomials of arbitrary 
complexity, i.e., of arbitrary number of basis functions 
each with arbitrary exponent for each input variable. 
In order to efficiently build a sufficiently good 
regression model for a particular dataset, an efficient 
search mechanism is required enabling searching in an 
infinite space of polynomial models. In general, search 
mechanism of ABFC is organized as follows. The 
search is started from the simplest model – the model 
with one basis function which corresponds to the 
intercept term. New models are generated using so-
called model refinement operators which enable adding, 
copying, modifying, and deleting the rows of r, i.e., 
adding, copying, modifying, and deleting the basis 
functions of the model (not only adding and deleting, as 
it is in subset selection methods). 
The refinement operators can be categorized in two 
categories: “growers” and “purifiers”. The growers do 
the main job – they “grow” the model. The purifiers on 
the other hand decrease the unnecessarily high 
exponents and delete the unnecessary basis functions. 
Without the use of simplification operators, a regression 
model may contain unnecessarily high exponents and 
include too many unnecessary basis functions, at the 
same time preventing truly necessary modifications (this 
is also known as the nesting effect [14]) and increasing 
overfitting. 
The initial state and the state transition operators 
together form a state space. Fig. 6 shows a small 
example of a state space in ABFC when the number of 
input variables is three and all the four state transition 
operators are used. Each state represents a set of basis 
functions included in the regression model. The 
ordering of the states in the space is such that the 
simplest models and the simplest basis functions are 
reached first and, as the search goes on, increasingly 
complex models and basis functions can be reached. 
Next, an efficient search strategy and a model 
evaluation measure are required. For ABFC, the search 
strategy of Sequential Floating Forward Selection [14] 
is adapted and the corrected Akaike’s Information 
Criterion (AICC) [6] is employed. The termination 
condition of the search process is met when the 
algorithm has generated a model which cannot be 
further refined using any of the refinement operators. 
Additionally, in order to lower the general model 
building issues of selection bias and selection instability 
[3,7,8,13, and 5], a technique of model averaging (also 
called ensembling or combining) is carried out. A 

typical model combination procedure consists of a two 
stage process [5]. In the first stage, a number of 
different models are constructed. The parameters of 
these models are then held fixed. In the second stage, 
these individual models are linearly combined to 
produce the final model. 
 

 
 

Fig. 6. A small example of the first three layers of a state 
space in ABFC when d = 3 (the space is infinite in the 
direction of more complex models) 
 
In ABFC, a Cross-Validation-like (CV) [12] resampling 
of the training data together with unweighted model 
averaging is employed. During resampling, the whole 
training data is randomly divided into v disjoint subsets 
(v typically being equal to 10). Then v overlapping 
training data sets are constructed by dropping out a 
different one of these v subsets. This produces v models 
built by v independent ABFC runs each using a different 
combination of CV partitioned data subsets. Next, the v 
models from the v CV iterations are combined using the 
unweighted model averaging. Note that, prior to 
combining, all the models are re-fitted to the whole 
training data set (without the CV partitioning). This is 
done to compensate for the smaller training sets used 
during the individual model building. 
Model combining by unweighted model averaging 
consists in taking an unweighted average of predictions 
of all the models: 
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where Fi is i-th individual model fro the i-th CV 
iteration and Fcomb is the combined model. For 
polynomial regression this simply means summation of 
all the polynomials and then a division of all the 
parameters of Fcomb (that is also a polynomial) by v. 
Note that the parameter values of Fcomb will not 
necessarily be optimal in the sense of the least squares 
loss (in fact they will be optimal only in special cases, 
e.g., when all Fi’s are identical). 
Fig. 7 gives an outline of the ABFC model ensembling 
process when the number of CV folds v is three. Note 
however that for practical applications v = 10 is usually 
a better choice. This is because too small number of 
models in ensemble will yield too little diversity 
hindering the models to correct each others errors, but, 
on the other hand, using too many models will yield no 
further improvement. 
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Fig. 7. An outline of the ABFC model ensembling when v = 3: 
(a) search for the best individual model; (b) select the one final 
best model; (c) re-fit the model (recalculate its parameters) 
using the whole training data; (d) combine the models 

 
ABFC attempts to model arbitrary dependencies in data 
with little or no knowledge of the system under study. 
The user is normally not required to tune any 
hyperparameters. However, if there is sufficient 
additional domain knowledge outside the specific data 
at hand it may be appropriate to place some constraints 
on the final model. If the knowledge is fairly accurate, 
such constraints can improve the accuracy while saving 
computational resources. 
For example the constraints might be one or more of the 
following: 1) limiting the maximal degree of all the 
basis functions (similar to the subset selection), i.e., 

pri
d

j ij   1
0: ; 2) limiting the maximal value of the 

exponent for each particular input variable in all the 
basis functions, i.e., 

jij pri  0: , where 
jp  is 

maximal exponent of the j-th variable; 3) restricting 
contributions of specific input variables that are not 
likely to interact with others so that those variables can 
enter the model in basis functions only solely – with 
exponents of all other variables fixed to zero. These 
constraints, as well as far more sophisticated ones, can 
be easily incorporated in the ABFC. 
A more complete discussion on the ABFC is given in 
[8]. A comparison of ABFC and other state-of-the-art 
surrogate modeling methods can bet found in [8,11,and 
10]. ABFC implementation in Matlab is available at 
http://www.cs.rtu.lv/jekabsons/. 
 

4. Example practical application 
 
In this section the proposed procedure is demonstrated 
by applying it to a problem of predicting the accuracy of 
a robotic arm throwing a ball to a target. The aim is to 
predict the distance from the ball to the target as closely 
as possible when the ball is hitting the ground while 
taking different other parameters into account. Accurate 
prediction of the distance enables optimization of arm’s 
control parameters for high throwing accuracy. 
The following parameters of the arm are tunable (see 
Fig. 8): 1) initial velocity of the ball in the moment of 
its release (x1); 2) the angle of the arm when the ball is 
released (x2); 3) the distance from the arm’s base to the 
target (x3); 4) the length of the robot's arm (x4); 5) air 
resistance (x5); 6) the weight of the thrown ball (x6); 7) 
gravity (x7); 8) the distance from the arm’s base to the 
wall (x8). 

 

 
 

Fig. 8. Ball thrower parameters (see text for details) 
 
The problem here is to predict the distance from the ball 
to the target when the ball is hitting the ground while 
varying the release angle (45 to 135 degrees) and the 
distance from the arm’s base to the target (120 to 400 
units). All the other variables are held fixed x1 = 85, 
x4 = 100, x5 = 0.08, x6 = 1, x7 = 9.81, x8 = 490. 
For the surrogate modeling purposes, a dataset of 100 
sample points was created using experimental design 
obtained using the proposed space filling approach. 
For predictive performance estimation of the obtained 
surrogate modeling methods 10-fold Cross-Validation 
[12] was used together with the Relative Root Mean 
Squared Error (RRMSE) criterion: 
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where RMSE is Root Mean Squared Error calculated in 
the test data, SD is standard deviation either in the test 
data, and y  is the mean of the y values. The normal 

range for RRMSE is from 100% (very bad model) to 
0% (perfect model). 
The ABFC method was compared to the following 
state-of-the-art regression modeling methods: 
Multivariate Adaptive Regression Splines (MARS) with 
and without cross-validated degrees of freedom [18], 
Locally Weighted Polynomials (LWP) with cross-
validated Gaussian weight function [11,17], 
multiquadric Radial Basis Functions (RBF) [19], and 
Kriging [20]. All the methods are implemented in the 
VariReg software tool freely available at 
http://www.cs.rtu.lv/jekabsons/. 
Table 1 presents the results of the performed modeling 
experiments. It can be seen that the ABFC compares 
rather well to the other state-of-the-art methods. 
 
Table 1. Average predictive performance of the methods 
 

Method RRMSE 
ABFC 11.85 
MARS 14.72 
MARS + CV 16.01 
LWP 16.42 
RBF 12.39 
Kriging 14.61 
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5. Conclusion 
 

In this paper, a surrogate modeling procedure is 
proposed which incorporate: 1) a space-filling method 
for DOE based on an analogy of uniform distribution of 
charged particles in alongside placed multidimensional 
phantom spaces; 2) an adaptive regression model 
building method based on a heuristic search through an 
infinite space of models-candidates. 
The proposed space-filling method is differs from most 
other similar methods in that it uses a notion of phantom 
spaces placed alongside the original experimental 
domain thereby equalizing the probabilities for the 
sample points being at any position in the domain. 
The proposed adaptive regression modeling method 
offers adaptive heuristic search capabilities for building 
of surrogate models specifically for the data at hand. 
The approach is different from the standard subset 
selection approach in that it does not require user to 
guess the maximal degree of the models (or predefine 
the full set of basis functions). The modeling method 
itself constructs the basis functions necessary for 
creation of a model with adequate predictive 
performance. 
Directions of future research include throughout 
empirical experiments for practical evaluation of 
efficiency of the proposed procedure. The authors are 
also planning to demonstrate the efficiency of the 
procedure in classification problems as well as in real-
world applications in less technical fields, such as 
predictions for insurance data. 
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Abstract: The increasing demand for location based 
services inside buildings has made indoor positioning a 
significant research topic. This study deals with indoor 
positioning using the Wireless Ethernet IEEE 802.11 
(Wireless Fidelity, Wi-Fi) standard that has a distinct 
advantage of low cost over other indoor wireless 
technologies. The aim of this study is to examine 
several aspects of location fingerprinting based indoor 
positioning that affect positioning accuracy. Overall, the 
positioning accuracy achieved in the performed 
experiments is 2.0 to 2.5 meters. 

 
Keywords: Indoor positioning, location fingerprinting, 
Wi-Fi, Wireless Ethernet. 

 
1. Introduction 

 
The increasing demand for location based services 
inside buildings has made indoor positioning a 
significant research topic. The applications of indoor 
positioning are many, for instance, indoor navigation 
for people or robots, inventory tracking, locating 
patients in a hospital, guiding blind people, tracking 
small children or elderly individuals, location based 
advertising, accurate “check-in” services, ambient 
intelligence etc. 
Although the Global Positioning System (GPS) is the 
most popular outdoor positioning system, its signals are 
easily blocked by most construction materials making it 
useless for indoor positioning. This study deals with 
indoor positioning using the Wireless Ethernet IEEE 
802.11 (Wi-Fi) standard that has a distinct advantage of 
low cost over other indoor wireless technologies – it has 
relatively cheap equipment and in many areas usually a 
Wi-Fi network already exists as a part of the 
communication infrastructure avoiding expensive and 
time-consuming infrastructure deployment. 
Although Wi-Fi has not been designed for positioning, 
its radio signals can be used for location estimation by 
exploiting the Received Signal Strength (RSS) values 
measured in any off-the-shelf mobile device equipped 
with Wi-Fi facilities – and no additional special-purpose 
hardware is required. Such a positioning system can be 
relatively easily implemented for notebook computers, 

personal digital assistants (PDAs), smartphones, and 
other Wi-Fi enabled mobile devices. 
Most of the proposed Wi-Fi indoor positioning systems 
use either proximity detection via radio signal 
propagation models [1-3] or location fingerprinting 
techniques [3-10]. Deriving an accurate propagation 
model for each Wi-Fi access point (AP) in a real-world 
indoor environment is extremely complex and therefore 
usually results in a relatively poor positioning accuracy 
[3,10]. On the other hand, location fingerprinting 
techniques use empirical data to approximate a location. 
First, a so called radio map is constructed by measuring 
RSS at a number of known locations – calibration 
points. The location of the user is then determined by 
comparing the obtained RSS values to a radio map. This 
provides accurate positioning even in very complex 
environments while the modelling of the complex signal 
propagation is avoided. In addition, the fingerprinting 
techniques usually do not require knowing exact 
locations of APs. 
An early example of a positioning system that uses 
fingerprinting is RADAR [11]. In RADAR, user’s 
location is determined by finding a known fingerprint 
that is most similar to the actual RSS readings. Since 
then, many studies have been conducted that perform 
location estimation from a radio map employing Nearest 
Neighbours [3,4,8], Artificial Neural Networks [12,13], 
Support Vector Machines [6], Decision Trees [5,10], 
Bayesian techniques [8,9,14], or other techniques 
[2,3,7,8]. In majority of these studies the Nearest 
Neighbours technique, in addition to its simplicity, 
turned out to be among the most accurate ones. 
The aim of this study is to examine several aspects of 
Wi-Fi location fingerprinting based indoor positioning 
that affect the positioning accuracy. 
Making use of weakly-sensed APs: It is considered to 
make use of (in many studies frequently ignored) 
weakly-sensed APs located further away, on other 
floors, and even in nearby buildings. It is demonstrated 
that the weak APs can provide additional information 
for at least a slightly more accurate positioning. 
Furthermore, also a situation, when in the entire 
building there would be no APs, is considered – the 
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positioning system may use signal strength information 
from only those APs that are in other buildings nearby. 
Making use of the two different Wi-Fi frequency bands: 
The use of either or both 2.4 GHz and 5 GHz Wi-Fi 
bands using IEEE 802.11b/g and IEEE 802.11a 
standards is examined. 
Making use of device’s orientation information: In 
studies [8,9,11,15], it is argued that the mobile device’s 
orientation information can have a significant effect on 
the RSS values and therefore on estimated location. 
This study examines the opportunity to improve 
positioning accuracy using device’s orientation 
information provided by a digital compass – a piece of 
hardware that is built-in in many newest handheld 
devices. 
Testing the accuracy on devices with different RSS 
measuring characteristics, i.e. different ranges of 
possible RSS values and different RSS measurement 
precisions. In this study it is done using three different 
devices – PC notebook, Smartphone, and Pocket PC 
PDA. 
In many existing studies, to perform the positioning 
experiments, the (usually) three to six APs are carefully 
distributed across the area of interest specifically for the 
purposes of the experiments. Therefore, it should be 
noted that in the experiments of this study no additional 
APs were deployed and no existing APs were moved – 
the experiments are performed using an already existing 
infrastructure with APs that have been deployed for 
maximum Wi-Fi internet availability. 
The remainder of this paper is organized as follows: 
Section 2 outlines location fingerprinting, describes 
Weighted k-Nearest Neighbors algorithm and sketches 
the idea of the usage of device’s orientation 
information. Section 3 describes the developed 
software. Section 4 describes the performed 
experiments and presents experimental results and 
findings. Finally, Section 5 concludes the paper. 

 
2. Methodology 

 
2.1. Location fingerprinting 
 
Location fingerprinting based positioning systems 
usually work in two phases (see Fig. 1): calibration 
phase (also called offline phase) and positioning phase 
(also called online phase or run-time phase). In the 
calibration phase, a mobile device is used to measure 
RSS values (in dBm) from several APs at the chosen 
calibration points in the area of interest. Each of the n 
measurements becomes a part of the radio map and is a 
tuple  ii rq ,  ni ,...,2,1  where  iii yx ,q  are the 
geographical coordinates of the ith location and 

 imiii rrr ,..., 21r  are the m RSS values from m APs at 
that location. Usually, an average of several samples 
recorded per location is stored. 

 
 

Fig. 1. The two phases of location fingerprinting 
 

In the positioning phase, a mobile device measures the 
RSS values in an unknown location and applies a 
location estimation algorithm to estimate its current 
location using the previously created radio map. As 
indoor environments have unique signal propagation 
characteristics, it can be assumed that each location can 
be associated with a unique combination of RSS values. 
 
2.2. Weighted k-Nearest Neighbours 
 
A general Weighted k-Nearest Neighbours (WKNN) 
algorithm for location fingerprinting can be described as 
a two-step process. First, find within the radio map the k 
indices kiii ,...,, 21  whose 

kiii rrr ,...,,
21

 values are nearest 
(according to Euclidean distance in the signal space) to 
the given vector r measured at the unknown location. In 
the second step, calculate the estimated location q (for 
each coordinate separately) as an average weighted by 
the inverse of the RSS distances: 
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where all weights are nonnegative 1),(  rr

jij dw  and d 
is the Euclidean distance between the m-vectors. Note 
that there is a special case when the distance is zero; 
then as the estimated location just the one with the zero 
distance is taken without fully computing (1). The 
reasoning behind this algorithm is that the calibration 
point with the shortest distance in signal space also has 
the shortest distance in physical space, and as such acts 
as a proper location estimate. 
WKNN has one tuning parameter, the number of 
nearest neighbors considered k, which is used to control 
the locality of the location calculation. When 1k , the 
algorithm acts as a simple look-up table. For larger 
values, the location can also be estimated to be 
somewhere in-between the calibration points. Reference 
[16] recommends using 1k  only if the density of the 
radio map is high. However, k should also not be too 
large as then the location estimates will be too much 
influenced by calibration points far away. In this study 
the number is fixed experimentally to 2k . 
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2.3. Making use of device’s orientation information 
 
The study in [8] showed that the positioning accuracy 
benefit from varying rotation of the measuring device 
during the calibration phase. This is mostly because of 
the radio irregularity caused by the direction of a mobile 
device’s antenna, existence of some reflector of the 
wireless signal, or user’s body due to the high 
proportion of water in human body absorbing wireless 
signals [9,15]. Device’s rotation can level out the 
impact of its orientation to measure more reliable 
fingerprint compared to the fingerprint that is measured 
only to one direction. 
In [9], during the calibration phase RSS values were 
recorded in four different orientations while in the 
positioning phase device’s orientation was estimated 
and employed for a more accurate positioning. It was 
shown that, when the user movement consists of mostly 
straight lines, positioning accuracy can be improved. 
However, if the orientation of the device is estimated 
incorrectly, the positioning accuracy decreases. 
Theoretically, the availability of orientation information 
from a built-in digital compass can improve the 
positioning accuracy by using radio map data of only 
the specific orientation. This study examines the 
potential to improve positioning accuracy using 
device’s orientation information provided by a digital 
compass. 

 
3. Developed mobile software 

 
To perform the experiments, a prototype of an indoor 
positioning system that works entirely on the user’s 
device (without requirement to have a back-end server) 
was developed. The software allows determining the 
position of the device using a prepared radio map and 
device’s built-in Wi-Fi chipset. The software works in 
the two location fingerprinting phases – calibration 
phase and positioning phase. It is developed for 
handheld devices with Microsoft Windows Mobile 
operating system. 
In calibration phase, the available Wi-Fi access point 
RSSs are being measured in different positions in the 
building. In each point RSS of all available APs are 
measured for a defined period of time and after that the 
average value is calculated and written into radio map. 
In positioning phase, the software is determining the 
actual position. RSS values of all the sensed APs are 
being measured and compared to the ones in the 
prepared radio map so that a number of nearest 
neighbors (in the signal space) are selected and used for 
position estimation. While the first phase is usually 
done by the system maintainers, the second phase is the 
one that is actually performed in the hands of the 
end-user. 
In calibration phase, the software has the following 
functionality: 1) load and view map of the building; 2) 
view list of all available APs and their current RSS in 
the current position; 3) perform fingerprinting by 
tapping on the current position in the map. Functionality 
in positioning phase: 1) load and view map of the 

building; 2) estimate position (in form of coordinates as 
well as a point on the loaded map). 
 

4. Experimental study 
 
4.1. Experimental testbed, data collection procedure 
 
The experiments were performed on one floor of a five-
storey building of the Faculty of Computer Science and 
Information Technology, Riga Technical University. 
Fig. 2 displays the layout of the floor where the 
experiment was performed. The area has five APs 
installed which have been deployed for maximum Wi-
Fi internet availability and can be sensed in at least a 
third of the area. The largest left-out part of the fifth 
floor (upwards in the figure) has some additional APs 
that can be barely sensed from some nearest locations. 
Furthermore, some APs from the fourth and even third 
floors can also be sensed in some small areas. This sums 
up in locally-situated 14 APs. Most of the local APs are 
Enterasys devices RBT-1002 and RBT-4102 operating 
in both IEEE 802.11a and IEEE 802.11b/g modes at the 
same time, allowing getting RSS readings for both 
2.4 GHz and 5 GHz Wi-Fi frequency bands. 
Additionally, there are a total of 43 APs in the nearest 
other buildings each of which can be sensed in at least 
one small location. Note that no additional APs were 
deployed and no existing APs were moved – the 
experiments were performed using an already existing 
infrastructure. The measurements were done mostly in 
working hours with people walking around and the 
Wi-Fi internet being used. 
Two experiments were performed. The first experiment 
involved a PC notebook with internal wireless card. The 
area of the testbed in this experiment is approximately 
860 m2 in (displayed in Fig. 2). The second experiment 
involved HTC Touch HD smartphone and Fujitsu-
Siemens Pocket Loox N560 Pocket PC device both 
using Microsoft Windows Mobile operating system. 
The area of the testbed in this experiment was smaller 
(for technical reasons) – approximately 460 m2 (the 
lower horizontal part of the building in Fig. 2). Note 
that the handheld devices have less sensitive Wi-Fi 
chipsets (they only sensed about 19 APs of the nearest 
other buildings) as well as they do not support IEEE 
802.11a mode. 
The RSS measurements were collected by a human 
operator using one of the mentioned devices with 
internal wireless card. The devices were used for both, 
calibration and positioning phase. 
For the first experiment a total of 82 calibration points 
were defined, while the second experiment involved 46 
calibration points. In the classrooms, the points were 
placed near the walls and corners, as the walls are 
responsible for fast drops of signal strength while in the 
free space the signal strength drops much slower, 
especially further away from an AP. On average, the 
distance from one calibration point to the nearest other 
point is 3.7 m within the same room and 2.6 m when 
also the points from other rooms are considered. The 
number of APs that could be sensed from a location 
ranges from 2 to 13 with average of 7. 
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Fig. 2. Layout of the testbed environment with calibration 
points 
 
To be able to test the usefulness of device’s orientation 
information, for each calibration point the RSS readings 
were collected in four directions (facing north, east, 
south, and west), while for each direction a total of 30 
RSS samples were collected over a time span of 30 
seconds. The readings are then averaged for each 
direction separately as well as for all the directions 
combined, resulting in five different average RSS 
values, each for a separate radio map. 
 

 
 

Fig. 3. Testing points and their corresponding estimated 
locations 
 
Finally, a test set of 68 points for the first experiment 
and 25 points for the second experiment was created 
(see Fig. 3). The placement of the testing points mimics 
a person walking in a route through classrooms and 
hallway. The route is started at one point and finally 
ended at the very same point, visiting a number of 
different locations where each location is visited two 
times, each time facing a different direction. The 
measurement process, apart from that it is performed for 
only two orientations, is the same as for the calibration 
points. 
For the PC notebook device averaged RSS values range 
from -99 dBm (used when the AP is not present) to 

about -33 dBm in close proximity to an AP. For the 
smartphone device it is from -99 dBm to -40 dBm, for 
the Pocket PC device it is from -99 dBm to -50 dBm. 
Additionally it is important to note that RSS 
measurements of the Pocket PC device could only be 
done in steps of 10 measurement units, while the other 
two devices allowed steps of 1 unit. Here, a question 
rose – how much worse will the results of the Pocket 
PC device be? The outcome of the measurement session 
can be downloaded at http://www.cs.rtu.lv/jekabsons/. 
 
4.2. Experimental results 

 
Table 1 summarizes the positioning errors for the first 
experiment (using the PC notebook device). 
Making use of weakly-sensed APs: The results suggest 
that indeed the positioning accuracy can be at least 
slightly improved if the list of the used APs consists of 
not only the strongest APs (average positioning error of 
2.43 m) but also the weakly-sensed APs located further 
away, on other floors, and even in nearby buildings as 
well (average positioning error of 2.19 m). 
 
Table 1. Test set error (in meters) distribution for experiment 
with PC notebook: mean and median 
 

Type Mean Median 

5 strongest local APs   

2.4 GHz 2.56 2.35 

Both freq. 2.28 1.87 

Both freq. + orientation info. 2.45 1.88 

All local APs (14)   

2.4 GHz 2.33 2.16 

Both freq. 2.10 1.67 

Both freq. + orientation info. 2.40 1.61 

All sensed APs (57)   

2.4 GHz 2.44 2.32 

Both freq. 2.02 1.62 

Both freq. + orientation info. 2.11 1.71 

Only the ‘outside’ APs (43) 7.14 6.51 
 
Additionally, an interesting result is that, if in the entire 
building there would be no APs and the positioning 
system could use signal strength information from the 
‘outside’ APs only – those of the other buildings 
nearby, the average positioning error would still be a 
decent 7.14 m. This suggests that such a positioning 
system could still be useful, especially if used together 
with some supplementary positioning or tracking 
technology while walking through hallways in the 
middle of the building (where, in this experiment, the 
positioning error is the largest). 
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Making use of the two different Wi-Fi frequency bands: 
Signals from eight of the local APs were strong enough 
for the measuring device to be able to detect them in 
both bands, 2.4 GHz (IEEE 802.11b/g) as well as 
5 GHz (IEEE 802.11a). It turned out that, in addition to 
2.4 GHz RSS, using also the 5 GHz RSS (as if they 
would come from additional eight APs) always 
increased the average positioning accuracy by at least 
10%. Apparently, despite the sharply dropping 5 GHz 
signal strength, the RSS values are still useful for 
extracting additional information for positioning. 
Making use of device’s orientation information: For this 
experiment, four different radio maps where created – 
one for each orientation. The location estimation for 
each testing point was done using that radio map 
corresponding orientation of which is the nearest to the 
actual orientation of the measuring device at the time of 
measurement. 
Finally, the impact of varying the number of used APs 
was studied with more detail and without regarding the 
origin of an AP (see Fig. 4). The list of all APs was 
sorted by their overall RSS variance in the full radio 
map and for each number of used APs only those with 
the largest variance were used. As expected, the 
positioning error is not a linear function of the number 
of APs: the decreasing rate of error gradually slows 
down and at some threshold it is evident that only little 
benefit is achieved by further increasing the number of 
APs. Here, the best results are achieved mostly using 
about 20 APs. However, the fluctuations of the curves 
suggest that a better criterion for sorting the APs or a 
better algorithm for finding the best subsets of the APs 
could be used delivering smaller subsets with the same 
or even slightly better positioning accuracy. 
The results of the second experiment (with the handheld 
devices) are shown in Fig. 5 (for the smartphone 
device) and Fig. 6 (for the Pocket PC device). The 
dependence of average positioning error (in meters) on 
the choice of the method (WKNN versus k-Nearest 
Neighbors, KNN which is the same WKNN method but 
without the weighting) and selected number of nearest 
neighbors k is shown (from 1 to 10). 
From the results, it can be seen that at first increasing 
the k value decreases the positioning error. But already 
starting form k = 2 (the best value for the used Pocket 
PC device) or k = 3 (the best value for the used 
smartphone device) the error starts to increase. It can be 
seen that the a few calibration points that are nearer in 
the signal space are actually more useful for position 
estimation than more calibration points taken from a 
larger radius. More calibration points from further away 
actually dilute the useful information. 
The smallest positioning error in this experiment was 
2.35 meters using WKNN method. The best result of 
KNN was 2.48 meters. This experiment also 
demonstrates that in practice the WKNN method is 
expected to be more accurate than KNN. The only 
difference between those two methods is that WKNN 
also takes into account the signal space distances to 
calibration points. Note also that these results are very 
similar to the results performed by a PC notebook, 
which has at least slightly more sensitive Wi-Fi chipset. 

 

 
 

Fig. 4. Positioning performance with different numbers of 
APs 
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Fig. 5. Average positioning error dependence on k, 
smartphone device 
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Fig. 6. Average positioning error dependence on k, Pocket PC 
device 
 
Finally, the experiment showed that the Pocket PC 
device with significantly lower RSS measurement 
precision still performed surprisingly well – the results 
are almost the same for both handheld devices. 
Similarly to the uselessness of the orientation 
information, this can be explained by the evident signal 
strength fluctuations – the noise in the data might be 
higher than the useful information from the more 
precise measurements. This can be seen also as good 
news because this means that we can achieve 
reasonably high positioning accuracy with rather cheap 
Wi-Fi chipsets. 
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5. Conclusion 

 
This paper examined several aspects of Wi-Fi location 
fingerprinting based indoor positioning that affect the 
positioning accuracy. Based on the experimental 
findings, the following conclusions can be drawn. 
It was observed that a positioning system can benefit 
from the availability of additional weakly-sensed APs 
as well as APs working in 5 GHz frequency band (using 
IEEE 802.11a/n). RSS readings from these APs gave a 
notable improvement in positioning accuracy. In fact, in 
this study, using exclusively the APs from the other 
buildings nearby, the positioning error was still a decent 
7.14 m. 
Nevertheless, it must be noted that the benefit from 
adding more and more weakly-sensed APs quickly 
decreases and after a certain number of APs, the 
accuracy actually can deteriorate. This is especially true 
for sparse radio maps. One of the future work directions 
here could be consideration of some kind of automatic 
subset selection technique to filter-out the irrelevant 
APs. While this may not bring much additional 
accuracy, at least the size of RSS fingerprint database 
could be significantly reduced (see Fig. 4 where it can 
be observed that the system can reach about the same 
accuracy using about the third of all the available APs). 
The results also have shown that the performance of the 
handheld devices with less sensitive Wi-Fi chipsets 
actually was very similar to the performance of the PC 
notebook with more sensitive chipset. Furthermore, the 
Pocket PC, which in fact offers only six gradations of 
signal strength, still performed very well. 
In this study, the availability of orientation information 
could not increase the positioning accuracy. The reason 
for this could be the evident signal strength fluctuations. 
However, as this result appears to contradict with some 
other studies, it should be investigated more extensively 
with different experimental setups. 
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Abstract: Face detection and recognition is challenging 
problem in image analysis and computer vision. In the 
last few years it has received a great attention because 
of its many applications based on various methods, in 
different fields such as law enforcement, security and so 
on. Face detection can be broadly divided into three 
categories based on the face data acquisition 
methodology using well known, Viola Jones with 
AdaBoost classifier, SMQT features with split up 
SNoW classifier and color based methods. For face 
recognition using methods based on principles 
component analysis, support vector machine (SVM) and 
others. So, in this paper, will be overview well-known 
methods and provided some of its benefits and 
weaknesses. 

 
Keywords: face recognition and detection, classifiers, 
PCA, SMQT. 

 
1. Introduction 

 
The rapidly expanding research in the field of face 
recognition and identification for more than 30 years 
and now this area is one of the most promising and 
successful branch of computer vision researchers. 
Compared with other biometric systems like fingerprint, 
iris measurements, face detection system does not work 
with extreme accuracy, but the analysis of faces, it has 
several advantages. First, face recognition system can 
use standard video cameras (as opposed to good cost 
and complexity of the fingerprint or iris image capture) 
and second the human face is captured, even without 
knowing it and can be used for security systems. 
Therefore the face recognition in real-time task has 
recently become a very important in video security 
systems, intelligent vehicles, databases security systems, 
etc.  
Such system from the sequence of images captured by 
camera, the goal is to find best match with given image. 
Using a  set of image database, the face recognition 
system should be able to identify or verify one or more 
persons in the scene. Before face recognition is 
performed, the system should determine whether or not 
there  is a face in a given image or video sequence of 

images. So the system must consist from face detection. 
Once a  face is detected is done, face region should be 
isolated from the scene for the face recognition. The 
face detection and  face extraction are often performed 
simultaneously. The overall process is showed in Fig 1. 
 

  
 

Fig. 1. Image examples in data base 
 
Feature extraction methods are the main in face 
recognition algorithms, because the direct use of the 
image pixels in real time system is not possible, due to 
the large amount of data. Properly distinguish features 
can significantly increase recognition accuracy and 
quality. Usually, to reduce the data sets are used 
principal components analysis (PCA) method, which 
describes the data sets as coefficients, which evaluates 
variation of the data. For reducing data sets are used and 
other methods, such as independent component analysis 
(ICA), linear discriminant analysis (LDA), support 
vector machine (SVM) and nuclear LDA and others.  
In this article will be review the most common image 
analysis methods are used in practice, which describes 
the standard for behavior patterns forming in face 
detection and recognition. It also presents the 
experimental results and conclusions. 
 

2. Face detection methods review  
 

In this section will be review existing techniques to 
detect faces in image. We classify single image 
detection methods into three categories. First the 
Feature invariant approaches those algorithms finds 
structural features that exist even when the pose, 
viewpoint, or lighting conditions vary, like skin color. 

51



 

Second the template matching methods, which have 
several standard patterns of a face to describe face as a 
whole or the facial features separately. Third are 
appearance-based methods compared with template 
matching, the face patterns (model) are learned from a 
big set of training images which should contain 
searchable object. 
 
2.1. Viola Jones AdaBoost classifier  
 
Researchers of the field in image processing for 
complex objects, often used pixels varying brightness to 
distinguish certain characteristic features of the picture 
only to the specific items. Scientists, P. Viola and M. 
Jones almost a decade ago proposed an approach [1], as 
the use of simple brightness variations the characteristic 
features of the object is extracted. The full overview of 
this method are presented in [2], below will be 
overview of some algorithm based on this method. 
Viola - Jones's method is widely used for body, face or 
its parts to extract from a complex and variable 
background. The paper [3] presented the man - machine 
interface, where users with disabilities have the 
opportunity to control a computer mouse using lip 
gestures. Cascade classifier based on Haar features are 
used to detect user's face shown in fig. 2.  
 

 
 

Fig. 2. Haar features examples for face detection  
 
The bottom image region of the detected face was 
applied color transformations help in search for the lips 
region and the lips shape (lips gesture) is classified 
using an artificial neural network (ANN). Although the 
face and lip extraction classification is accurate, the lip 
region extraction can be very inaccurate in variable 
lighting, which has a significant impact on the image 
range of colors. Than the lips are extracted inaccurately, 
the classification makes no sense, because of random 
error. 
Although the most common Viola - Jones method use 
of facial detection, depending on the purpose image 
analysis found in face area or around the picture may be 
isolated and separate parts of the face such as nose, 
eyes, lips, etc. Extracting and classifying different face 
parts can be detected even if the face partly covered 
which are presented in article [4]. In that work was used 
four cascade classifiers (eyes, nose and mouth release) 
and a fixed-distance relationship between those parts. 

Using these classifiers detects all facial parts in 
processed image. Capture distances determined using 
the template. It is reviewing if detected individual 
elements of the face corresponds known template of the 
distances. Using this algorithm turned man face are 
better detected, than using full-face trained classifier for 
detections. But it is noticeable that the size of 
searchable objects is big, better works standard 
classifiers, since small-scale examination of an 
individual part of the face using the column error, and 
get involved face is not properly classified, because 
checking for a separate small-scale part of the face 
using templates get errors and face is not properly 
detected. In this work [4] the authors does not mention 
the speed of this algorithm, but it is clear that the 
finding four classifiers in picture, instead of one takes 
time. 
After several experiments was noticed that two 
parameters, which determine the classifiers performance 
increasing by 1% searchable windows size, get can 
highest accuracy and less than increasing more. 
However, the speed of this case will be minimal, so it is 
necessary to increase it faster. Using our date base of 
faces we get 94% accuracy of detection, and the frames 
are processed in less than 40 milliseconds, when the 
search is done than the searchable windows size 
increasing by 11%, and the original window size was 
100 active pixels. 
The results showed that the simple classifier is not 
directly related to accuracy of detection of objects with 
the number used of Haar features. A number of these 
features are not associated with the training. It is noticed 
that the trained simple classifiers accurately detect face 
when he dominates the frame. However, the simple 
classifiers are less reliable, because during training is 
not rejected any foreign objects. The accuracy and 
margin of an error can be changed during training stage, 
and changing these two values can be obtained exactly 
running simple classifier.  
 
2.2. SMQT features with split up SNoW classifier  
 
Sparse Network of Winnows (SNoW) was first used for 
detection by Yang et al. [5]. They defined a sparse 
network of two linear units or target nodes, one 
representing face patterns and the other for the non-face 
patterns. The SNoW had an incrementally learned 
feature space. New labeled cases served as positive 
example for one target and as a negative example for 
the remaining target. The system proved to be effective 
at the time, and less time consuming. Recently for face 
detection M. Nilsson [6] proposed system using the 
illumination insensitive features gained from the local 
SMQT features and the rapid detection achieved by the 
split up SNoW classifier. 
The successive mean quantization transform (SMQT) 
provided by M. Nilsson [7] for features extraction is an 
attempt to represent facial images insensitive to sensor 
variations and varying illumination. The SQMT features 
are extracted from local areas of an image; where by the 
gray values inside the local area are replaced by the 
quantization values which are nearest to the mean gray 
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values inside the local area. It is declared that resulting 
features, after performing the successive mean 
quantization transformation, will be identical if initial 
local regions have the identical structure. Images have 
identical structures if one image is biased by the scalar 
value or is gained from an original image. The number 
of quantization levels α and the size of local regions are 
variable parameters that can be fine-tuned for optimal 
detection performance. The definition of local areas is 
described in detail in the earlier work of Nilsson [8]. 
 

 
 

Fig. 3. Image examples after local SQMT features there 
extracted 
 
For the classification of local SQMT features, the 
employment of an extended SNoW learning architecture 
is proposed which is a sparse network of linear units 
defined over a common pre-defined or incrementally 
learned feature space [6]. The learning policy is online 
and mistake-driven. To classify the test samples, the 
network creates lookup-tables of face and non-face 
patches which are updated in accordance with the 
Winnow update rule [5]. To accelerate the detection 
process, the full SNoW classifier is split up into sub-
classifiers also called weak classifiers. The weak 
classifiers are connected to the cascade, where by the 
features included in the previous weak classifier are 
automatically included in the next weak classifier. In 
this manner, the full classifier includes all features and 
provides the lowest false detection rate. Depending on 
the required detection accuracy, the number of weak 
classifiers in the cascade can be fine-tuned. 
 

 
 

Fig. 4. Left - face image marked with three landmarks. Right -
examples of how the three landmarks are used to warp the 
face to the 32 × 32 patches with different destination points 
for variation 

The set of facial images was collected using a web 
camera. Right eye, left eye and the center point of the 
outer edge of the upper lip were manually marked to 
extract 32x32 pixel face patches.  
Approximately one million face patches are used for the 
training process. The training set of non-face patches 
involves approx. one million items which are randomly 
cut from a video collection containing no faces to train 
classifier. This face detection method using our date 
base of faces we get 94% accuracy of detection, and the 
frames are processed in less than 0.5 sec. A Matlab 
version of the face detection algorithm can be 
downloaded from: 
http://www.mathworks.com/matlabcentral/fileexchange/
13701-face-detection-in-matlab 
 
2.3. Color based classifier  
 
Skin detection plays an important role in a wide range 
of image processing applications ranging from face 
detection; face tracking, gesture analysis and etc. 
Recently, many researches detect face by combining 
features and methods based on skin color information to 
obtain a high performance and high speed results [8]. 
The advantages of these methods are fast, high 
detection ratio, and can find faces with complex 
background. Skin color can be used and as information 
to the other features extraction like shape and geometry 
to build accurate face detection algorithm. So skin color 
information can be considered as a very effective tool 
for identifying and classifying facial areas provided that 
the underlying skin color pixels can be represented, 
modeled and classified accurately. We will overview 
the method that works enough accurate and fast.  
However, these typical methods have some 
imperfections. First, color - based method is hard to 
detect the skin-color under different lighting conditions 
[9]. Second many researchers find the features like eyes 
by detecting eyeball, the white of the eye, or the pupil 
of the eye. It will result in false detection when the 
human close eyes or wearing glasses. Third, Most of the 
traditional algorithms cannot discriminate cartoon face 
and real human face at the same scope. Fourth, the 
feature-based detection has large computation and 
operates slowly. 
But Y. T. Pai et al. [10] propose a face detection 
algorithm that can detect human face under the different 
lighting conditions with high speed and high detection 
ratio. Furthermore, the method gives good performance 
if faces are complex backgrounds, cartoon/human face 
discrimination, can detect half-profile face, and some 
facial variations. They applied color-based technique, 
they separate the skin regions and non-skin regions in 
YCbCr color space. Adopt lighting compensation 
technique and non- linear color transformation to solve 
the problem of different lighting conditions. In order to 
improve face detection, they combine face features 
techniques, such as human eyes, mouth and height to 
width rations of face features [10].  
The experimental results show that algorithm can be 
applied to the real-time systems, because feces 
detections is done 0.1 – 0.5 sec. The face detection 
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accuracy of proposed method is about ~92%. For 
testing was used pictures collected from web camera in 
complex background and different lightning shown in 
Fig. 5.  
  

 
 

Fig. 5. Example of the color face detection algorithm in 
complex background 
  

3. Face recognition review 
 

Face recognition is a one-to-many matching process 
that compares a query face image against all the 
template images in a face database to determine the 
identity of the query face. The identification of the test 
image is done by locating the image in the database that 
has the highest similarity with the test image. The 
recognition process is a „closed” test, which means the 
sensor takes an observation of an individual that is 
known to be in the database. The test face features are 
compared to the other features in the system’s database 
and a similarity score is found for each comparison. 
These similarity scores are then numerically ranked in a 
descending order. The highest percentage similarity 
score can be considered as correct match. However, 
these methods may not perform well in many real world 
situations, where the test face appearance is 
significantly different from the training face data, due to 
variations in pose, lighting and expression. Usually a 
face image of size m×n pixels is represented by a vector 
in dimensional space. In practice, these dimensional 
spaces are too large to allow robust and fast object 
recognition. A common way to attempt to resolve this 
problem is to use dimension reduction techniques, like 
Principal Component Analysis (PCA) Support Vector 
Machine (SVM), Independent Component Analysis 
(ICA), Linear Discriminant Analysis (LDA) and others. 
 
 

3.1. Support vector machine (SVM) 
 
SVM human face recognition is already widely used for 
several reasons: SVM can be used to distribute the data 
are nonlinearly separated, as well the method allows to 
achieve a high level of face recognition accuracy even 
when there are complex data set. However, one of the 
biggest drawbacks of this method are that the 
classification has been created, it can’t be change, 
because every time the training should be done having 
all the training database, while in practice collecting 
training data is not always possible. In 2009, Wei-Shan 
Yang, Chun-Wei Tsai and others [11] proposed a 
method for dynamically to the data base to add new 
faces, what according to the authors, allowing the 
identification of faces, which trained machine classifier 
"did not know". 
This method is similar to Transductive SVM (TSVM), 
which uses marked and unmarked data examples. Mark 
the data used to construct the initial classification, while 
unmarked data are used to "improve" the functioning of 
the classifier, but classifiers of classes remains 
unchanged. I article [11] the proposed algorithm not 
only directly increases the number of images in the 
database, but also the classifier classes number at the 
same time. 
Face recognition SVM method applied and Z. and G. 
Zhang, and combining it with multi-scale principal 
component analysis and the name of this algorithm 
SVM-MsPCA [12]. Before classifier training data is 
processed using Gabor wavelet transformation 
algorithm and using PCA are carried out to reduction 
amount of data sets and noise. SVM classifier uses 40 
classes. The classes are trained using 40 different face 
images of people with different facial expressions, 
accessories, image scale. For hole experiment was used 
200 images and half of them were used to train the other 
half for method testing. Authors in their work [9], the 
initial data processing before classification resulted, that 
using bigger amount of classes do not have influence 
for data processing time. This method achieved the 
highest recognition accuracy - 99.5%. 
This method was tested on „MATLAB“, programmable 
package using SVM tool, which support two-class 
classification. Aim of this experiment was to determine 
how this method could work fast and accurate, with 
available data base of face and if this method could 
establish that new faces is in the data base and give his 
identity number. In Experiment was used 124 male and 
19 - female faces, each person's face consist of 20 
images with different facial expressions in data base.  
 

 
  

Fig. 6. Image examples in data base 
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Male faces were used for SVM training and testing the 
how method works fast and accuracy. In this case, in 
theatrically every male human face must be identified 
with a specific number, because the same face with 
different expressions were used for SVM training 
process. Female faces were used to test how accurately 
rejects non-base faces from data used for training. 
In the initial experiments were used only male human 
images. In order to determine how the SVM training 
duration depends on the training sample size, so it was 
increased progressively and registering the training 
time. Another part was tested trained SVM structure, 
which was used in the different amount training 
samples. Correctly identified the face are considered 
correct, when only one of the 124 SVM trained 
classifiers identities person and an identification number 
corresponded that person’s photo number. Training sets 
was increased gradually by increasing the numbers of 
persons face images to be rejected by the classification 
process, unidentified. Experimental results are shown 
graphically in Fig. 7.  
From the results we see that increasing the training set 
for one of the SVM classifier, gradually increases 
training time. For overall 124 structure of classifier the 
SVM training time can be determined by multiplying 
the training time with recognizable object number. 
From others results we see that increasing the training 
for the classification accuracy does not change 
significantly, while the required computing resources 
for training has increased significantly.  

 

 
  

Fig. 7. SVM training time and classification accuracy 
dependence on the training sample size, where the curve 
marked with a circle - the training time dependence of the 
training sample, the square marked curve - the classification 
accuracy dependence on the training sample size 

 
3.2. |Principal component analysis (PCA) 

 
Principal component analysis is used to define the 
subspace that best representing a set of face patterns. 
These principal components preserve the major linear 
correlations in the data and discard the minor ones, so 
not all pixels in frame are informative and important for 
face recognition. PCA is usually used to reduce amount 
of image data. PCA method [13] decomposes the vector 
space into two mutually exclusive and complementary 
subspaces: the principal subspace and its orthogonal 
complement. Therefore, the target density is 
decomposed into two components: the density in the 

principal subspace which is spanned by the principal 
components and its orthogonal complement which is 
discarded in standard PCA. A multivariate Gaussian and 
a mixture of Gaussians are used to learn the statistics of 
the local features of a face [14]. These probability 
densities are then used for object recognition based on 
maximum likelihood estimation. 
Article [15] the authors introduced two new methods to 
improve face recognition quality by: using modular 
PCA method and wavelet PCA method. Modular PCA 
is not applicable to the entire facial image and the image 
of a few areas. In this way, the calculated value of its 
own zone which describes facial details in image. A 
principal component depends on the number of zones 
and selected the highest level of variation describing the 
number of principal components. The method, which 
reduces the resolution of the signal using the filter, is 
called a wavelet transform. Transformation is obtained, 
the signal splitting into two components related to the 
use of high and low frequency filters and proposed 
algorithm is ~ 2% get better results than the classic PCA 
method. 
To improve face recognition quality has been proposed 
two-dimensional principal components analysis method 
(2DPCA) [16]. The main idea of this method is that 
2DPCA is based on two-dimensional arrays instead of 
one-dimensional vectors, as in standard PCA and get 
better face recognition quality, but the first 
implementation of this method did not work fast 
enough. In work [17] the authors proposed a different 
two-dimensional PCA to assess not only the image 
pixels in the rows direction, but and in the columns 
direction and called it 2D2PCA. Experimental results of 
FERET and ORL face database have shown that the 
proposed algorithm achieves a similar, but in other 
cases, a better accuracy than the 2DPCA. 
After overview of the method it was determined that the 
effectiveness of classification and identification speed 
depends on several parameters like used image size, the 
principal components number and selected threshold 
value. Covariance matrix affects size affects the data 
base size, and image processing speed. Properly chosen 
number of principal components and the threshold 
makes the method become resistant to various 
interferences and noises. So some experiments have 
been carried out in order to find the optimal face 
recognition system settings. For experiments was used 
the same date base like in SVM experiments and the 
results are showed below in the figures. 
Figure 8 shows that the best results of the processed 
speed during identification get then it uses smallest 
resolution pictures and ten times solver then uses 
maximal resolution. However, the classification 
accuracy is achieved by a few per cent, greater use of 
higher resolution images. Second Fig.9 shows that 
accuracy of the classification depends on number of 
principal components. Principal components analysis 
method is efficient and rapid method that can be easily 
adapted to solving the problem of face recognition. The 
best classification accuracy of ~97%, was achieved by 
the use of human face images of 100x100 resolution 
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and it can processed ~60 images/second, then data base 
consisting of 400 images. 
 

 
 

Fig. 8. Experiment results of relationship between the PCA 
preparation and a data base, stored in different resolutions of 
human face images. In all cases it was used 40 principal 
components. 
 

 
 

Fig. 9. Experiment results of relationship between accuracy of 
recognition and threshold using different amount principal 
components (Mp). In all cases picture resolution is 100×100 
 

4. Conclusions 
 

In this paper, we surveyed some methods and did some 
experiments on the latest advantages in face detection 
and recognition. It is nice to see that these techniques be 
increasingly used in real world application and gets 
better and better results. For instants, most digital 
cameras today have inside some face detectors, which 
helps to do better auto-focusing and auto-exposure. 
Occurs and the program that detects persons faces video 
from integrated web cameras and can recognize it, but 
these programs still have very weak facial recognition 
algorithms, so there are still much work must be done.  
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Abstract: Method of evaluation of the mobile robot 
position according to centre of gravity of known 
environment is suggested and verified. Algorithm of 
coordinate’s evaluation according to the centre of 
gravity of known environment operates reliably if 
deviation from real coordinates is considerable and if 
there are several robots in the scanning environment. It 
is necessary that equipment of orientation in 
environment (compass or gyroscope system) should be 
included in mobile robot. Verification of the 
coordinates performed using method of approach. In 
order to get reliable results, this procedure of 
verification should be performed frequently. This 
procedure should be performed by control system of the 
robot. 
 
Keywords: Mobile robots, centre of gravity, navigation. 

 
1. Introduction 

 
Mobile robot moves along given path [1, 2] and 
prosecutes manufacturing task, solves its autonomous 
tasks: scans the environment in order to avoid suddenly 
emerged or possible conflicts; follows parameters of the 
path and using feedback equipment sends all 
information to supervisory system. When robot reach 
target points it corrects initial position parameters, 
because there may be deviations from real parameters. 
Deviations may have various reasons. One of most 
important parameter of mobile robot in manufacturing 
operations is its coordinates. When robot moves, 
various systems follow and correct its coordinates [3]. 
Information about these coordinates is sent to the 
supervisory system, which performs control functions. 
One of the reasons to control robot is robot deviation 
from the path; origin of these deviations is from the 
environment (oil on the ground, extraneous things). 
There are systems, which follows coordinates of mobile 
robot (autonomous GPS systems, radio or laser beacon, 
gyroscopes, compass and others). This work describes 
determination of coordinates of mobile robot without 
any additional equipment, but using profile of known 

environment, which was got when robot scanned the 
environment and determined its centre of gravity. In 
order to solve this problem, additional time and 
software is needed. Solution of the task may be 
assigned to the robot, which has time to solve this task 
and may transmit the result to supervisory system, 
which admits required solutions. 
Let’s suppose, that robot is able to scan the 
environment, change the angle of the radar and 
determine the distance to the nearest obstacle. When the 
environment is scanned 3600, the series of the points, 
corresponding prominent polygon summit, are obtained. 
This polygon is named as the profile of the 
environment, if the space is two-dimensional. This 
profile will be finite only then, if the environment is 
closed, i. e., there are no points, which seems to be 
infinitely far for radar, in the environment. There is no 
different from which of these points the scanning of the 
environment starts in order to determine the profile of 
environment and to calculate the centre of gravity. The 
position of the centre of gravity in respect of profile will 
always be the same. The purpose of the article – 
determine if it is possible to find initial coordinates of 
the robot, using received information about the centre of 
gravity of the figure. 
 

2. Determination of the centre of gravity of known 
environment, defined with profile 

 
The profile of “visible” environment to the robot 
depends on the position of the robot. The only 
exception is the case, when the environment is restricted 
with only contour, which composes prominent polygon 
(Fig.1.). 
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Fig. 1. The profile of “visible” environment changes, when 
the coordinates of mobile robot changes (points A and B), but 
the centre of gravity C of the figure ENKLM is in the same 
point, according to the profile 
 
The coordinates (xC and yC) of centre of gravity of the 
plane figure, described with surface S, in common case 
can be found so [5]: 
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M  in these expressions is mass of polygon figure,  

),( yx  – density. Mass is calculating using expression: 
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Moving robot sees environment from the changeable 
position  RR yx , . If the coordinates (x‘, y‘) of the 

profile is deducting from the position of the robot 
(radar) (Fig. 1), then the coordinates of profile outline, 
in immobile system of axes (x, y): 
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In analyzed case 1 const . Then, the mass (square) 

and coordinates of centre of gravity of the polygon, 
which has n summits, can be determined using 
expressions: 
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Let’s suppose, that calculated point of the trace has its 
attribute, which is composed from the coordinates of the 

centre of gravity and their fluxions of x and y in respect 
of coordinates. It is possible to compare the coordinates 
of centre of gravity with the coordinates of centre of 
gravity, which were calculated before, when robot 
overpasses to the new calculated position, scans 
environment and calculates coordinates of the centre of 
gravity from the scanning data. The differences between 
coordinates’ outlines not even the accuracy of the 
position, but the direction of the correction. It is 
obviously, when there are no obstacles – when robot 
moves and if the point of initial robot position will be 
treated as the start point of the system of axis, the 
contour of the environment border “moves” in respect 
of robot. Its vector of the alteration of coordinates of 
centre of gravity has contrariwise, but is the same 

length, as real robot vector (Fig. 1, AB ). 
System, which determines coordinates of the robot, is 
constituted from two scanning systems: supervisory 
system, which coordinates of the scanner is known, may 
be changed freely and its determined centre of gravity 
has exact coordinates, and also scanner of the robot, 
which determines centre of gravity according to its 
initial position in respect to coordinates. Exact 
coordinates of the robot can be determined using the 
results of both measurements. 
 

3. Determination of coordinates of mobile robot, 
according to the weight centre of environment, 

defined with profile 
 
System of mobile robot navigation uses idea, that 
supervisory system uses vector marks in order to 
determine paths for several mobile robots and solve 
emerged conflict situations [1, 4]. Robots perform given 
path tasks, using its scanning equipment. The feedback 
information must be sent back to the supervisory 
system, in order to avoid possible problems. 
Supervisory system can change parameters of the path, 
in order to avoid emerged dynamic obstacles or 
deviations from the given path. The reasons of 
deviations may be various. In order to avoid it, various 
expensive systems of robot tracking, having own 
problems of functionality, may be used. 
Moving mobile robots prosecutes only two tasks: 
follows coordinates and maintains feedback with 
supervisory system. So there is possibility to solve some 
other tasks in free time intervals. 
Mobile robots have various additional devices, which 
can be used for environment scanning. So, robot can 
gather information about environment, which is 
scanning and at the same time the environment profile 
can be compared to the profile, which is provided from 
the supervisory system. If the profiles match, the robot 
lays in the point where it should be according to the 
supervisory system. Problem emerges, when you need 
to compare information about profile. Experimental 
results showed that there are several restrictions in the 
determination of the coordinates of mobile robot 
according to the profile. One of the restrictions is 
requirement to have gyroscope, compass or other 
additional systems (e. g., GPS). 
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The idea, that determination of the coordinates of 
mobile robot can be related with centre of gravity of 
scanned known environment, requires theoretical 
substantiations and experimental verification. 
If mobile robot is in the same coordinates as 
supervisory system established and the scanning angles 
coincides, the centers of gravity of the visible 
environment in both scanning cases coincides. 
The different task is when the coordinates of robot and 
the supervisory system disagree (Fig. 1. points A and 
B). 
If robot, for casual phenomenon, deviated from the 
given path and its coordinates changed, the correction 
of the present robot trajectory must be done in order to 
prosecute task of manufacturing. But robot coordinates 
are unknown, because it will be determinate only after 
the comparison of both profiles and corresponding 
calculations. As mentioned before, mobile robot does 
not use all its computer time, so it is possible to assign 
that task of present coordinates determination for it. 
During the process of determination of the centre of 
gravity, such results are known: supervisory system 
knows coordinates, in which mobile robot must be, so 
the coordinates of determined centre of gravity is 
known and are placed in the report of system of 
coordinates of supervisory system; robot determines 
centre of gravity of its own system of axes, if robot is in 
the other coordinates. The initial coordinates of mobile 
robot must be determined from this information. Square 
profile will be analyzed in further experiments, because 
it is very easy to determine centre of gravity of the 
profile (Fig.2.). 

 

 
 

Fig. 2. The profiles and their centers of gravity of supervisory 
system and robot, when scanner of the robot knows the 
direction and stars scanning from it 
 
In both cases, scanners are in zero coordinates of own 
system of axis. The experiment was performed using 
square profile 100.0x100.0. Centre of gravity of such 
profile is xC = 50.0 and yC = 50.0. Coordinates of 
supervisory system – xS = 10.0 and yS = 20.0, robot 
position xR = 20.0 and yR = 60.0. Supervisory system, 
according to the expressions (6, 7) determined, that 
coordinates of centre of gravity in respect of zero 

coordinates is xCS = 39.99 and yCS = 29.99, whereas 
robot coordinates xCR = 29.95 and yCR = -10.05. Robot 
position coordinates KR will be present in column 
matrix and can be found in this way: 
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When start corners of supervisory system and robot 
does not coincide, problem seems different. Fig. 3 
shows scanned profiles, when robot started scanning 
using corner equal 1.0 rad. If the same calculation is 
used as in expression (8), obtained result is significantly 
different from real robot coordinates: 
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In order to determine coordinates of the robot, centre of 
gravity of robot coordinates Fig.3 should be 
transformed to the form, showed in Fig.2. The start 
angle of robot scanner is not important, because the 
distance of centre of gravity from robot initial 
coordinates is the same. So, if the angular position of 
robot is known from its orientation equipment, its centre 
of gravity C in Fig.3 can be transformed to shape, as 
showed in Fig.2, according to the expression: 
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where  - robot turn angle from the given path 
 

 
 

Fig. 3. Scanned profiles and its centers of gravity of 
supervisory system and robot, when scanner of the robot does 
not know the direction 
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In order to determine coordinates of the mobile robot 
using this method, equipment of orientation, e.g. 
gyroscope, must be included in robot. Gyroscope 
enables to fix start-scanning angle, evading additional 
possible calculations (10), and using expression (8) in 
order to determine mobile robot coordinates. 
Another problem is how to find robot coordinates, if 
other additional obstacles exists in the environment. 
 

4. A problem in detection of robots coordinates in 
known environment with additional obstacles 

 
If robot deviates from given path, but does not lose its 
orientation, the coordinates of the robot can be 
determined according to the centre of gravity. If any 
obstacles exists in the environment, the coordinates, 
determined according (8) expression, will be accurate. 
In this case, authors suggest using such methodology in 
order to determine exact coordinates. The supervisory 
system is placed in determined coordinates after the first 
search. Then, scanning is performed with supervisory 
system in order to find coordinates of the robot. 
Such calculation is proceeded until adjusting 
coordinates becomes invariable or variates marginally. 
Experimental results showed, that in this case, amount 
of suffice calculations is 4-5 times, when coordinates of 
supervisory system is changed. If the search is executed 
according to the profile of known environment, the 
search is executed up to 10 times longer. The search of 
environment centre always converges. That could not 
be said, about the search according to the profile of 
known environment. 
 

 
 

Fig. 4. Scanned profiles of supervisory system and robot, with 
other obstacles in the environment 
 
Fig. 4 shows different obtained profiles of supervisory 
system ant robot, because obstacles are visible in 
different angles and centers of gravity of the 
environment are different. Methodology of 
determination of robot coordinates is such: coordinates, 
determined from both profiles are approximate, so 
scanner of supervisory system is placed in calculated 

coordinates of robot and calculations of coordinates of 
mobile robot are executed again. This procedure is 
repeated until the coordinates of the robot is immutable. 
Coordinates of supervisory system, in analyzed example 
is (10.0, 20.0), robot – (20.0, 60.0). The coordinates of 
mobile robot were determined, with sufficient accuracy, 
only in four steps of the search. 
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Expression (11) shows how the search was preceded. 
The coordinates of the robot position will be corrected, 
when the deviations from the path is not large, as in 
examined example, the search will always be successful 
and amount of steps of the search will be lesser.  
 

5. Conclusions 
 
Method of evaluation of the mobile robot position 
according to centre of gravity of known environment is 
suggested and verified. Algorithm of coordinate’s 
evaluation according to the centre of gravity of known 
environment operates reliably if deviation from real 
coordinates is considerable and if there are several 
robots in the scanning environment.  
It is necessary that equipment of orientation in 
environment (compass or gyroscope system) should be 
included in mobile robot. 
Verification of the coordinates should be performed in 
places, where the direction of the robot movement 
changes and it should be performed frequently. This 
procedure should be performed by control system of the 
robot; obtained result should be transmitted to 
supervisory system, which will make corrections of the 
mobile robot path. 
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Abstract: This article is concerned with detection of 
objects in phytoplankton images, especially objects 
representing one invasive species–Prorocentrum 
minimum (P. minimum),–which is known to cause 
harmful blooms in many estuarine and coastal 
environments. A new technique, combining phase 
congruency-based detection of circular objects, 
stochastic optimization, and image segmentation was 
developed for solving the task. The developed 
algorithms were tested using 114 images of 1280960 
pixels size recorded by a colour camera. There were 
2088 objects representing P. minimum cells in the 
images in total. The algorithms were able to detect 
93.25% of the objects. The results are rather 
encouraging and may be applied for future development 
of the algorithms aimed at automated classification of 
objects into classes representing different phytoplankton 
species.  
 
Keywords: Phase congruency, Detection of circular 
objects, Stochastic optimization, Phytoplankton. 
 

1. Introduction 
 
Monitoring of toxic algal blooms, assessment of water 
quality parameters, studies of long-term changes in 
aquatic ecosystems are some examples, where 
identification and counting of plankton cells is being 
used. Much work in this area still remains in the form of 
conventional microscope analysis and is very time 
consuming and labor intensive. A robust automated 
image analysis-based system would be of great help and 
would enable analysis at much larger scales. 
While automated analysis of zooplankton images is a 
rather active field of research, developments in the field 
of automated analysis of phytoplankton images are 
rather limited. Work by Gorsky et al. is one of 
pioneering attempts in this area [1]. Using simple 
geometric features the authors were able to distinguish 
between 3 species of distinct size and shape. Sosik and 
Olson developed a system for automated taxonomic 
classification of phytoplankton sampled with imaging-
in-flow cytometry [2]. Blaschko et al. [3] achieved 50% 
to 70% classification accuracy in a task of 

phytoplankton categorization into 12 classes plus an 
"unknown" class. A large variety of features: shape 
features, moments, texture features, contour features 
(780 features in total) were used. Several classifiers, 
including decision trees, naive Bayes, ridge linear 
regression, k -NN, SVM, and bagged as well as boosted 
ensembles were explored. SVM was found to be the 
best classifier for the task. Culverhouse et al. [4] studied 
the classification accuracy achieved by the neural 
network committee-based automated system DiCANN 
and argued that accuracy of about 72% achieved by the 
system in a six-class phytoplankton categorization task 
was similar to the accuracy achieved by the trained 
personnel. Sosik and Olson [2] presented, perhaps, the 
most elaborated study regarding multi-class 
phytoplankton categorization using data obtained from 
Imaging FlowCytobot [5]. In total, 6600 manually 
inspected images distributed across 22 categories were 
used in the study. The overall accuracy of 88% was 
achieved on the test set. While the obtained accuracy is 
very encouraging, one very important task---object 
detection---is not addressed in the article. 
The analysis shows that classification accuracy achieved 
when solving phytoplankton classification problems 
varies in a broad range depending on the task and the 
data. It is worth noting that one very important problem, 
namely object detection, is almost never addressed in 
the literature. Robust object detection, however, is a 
prerequisite for obtaining a robust system for automated 
analysis of plankton images, especially when rather 
simple imaging systems, generating images exemplified 
in Fig. 1 (there are overlapping objects and/or objects 
touching each other in the images), are used. Touching 
organisms bring difficulties in automated categorization 
and counting of objects. A linear relation between the 
number of items and the automatic counting holds if the 
percentage of image area occupied by the items remains 
below 3%. Above this threshold, automatic counting 
underestimates abundance due increased percentage of 
organisms touching each other [6].  
In contrast to many previous techniques, a simple 
imaging system is used to obtain phytoplankton images 
in this study. A long term goal of this work is an 
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automated system for image analysis- and soft 
computing-based detection, recognition and counting of 
objects representing different phytoplankton species. 
 

 
 

Fig. 1. An example of phytoplankton image containing three 
decision classes: invasive (P. minimum) (dominates the image, 
an example of this class is enclosed in a rectangle), native 
(inclosed in a circle), and other (inclosed in a pentagon) 
 
This article is limited, however, to analysis of one 
invasive species, a dinoflagellate Prorocentrum 
minimum (Pavillard) Schiller, which is known to cause 
harmful blooms in many estuarine and coastal 
environments [7]. More specifically, this article is 
concerned with the very important object detection task 
in "over-crowded" images. A new technique, combining 
phase congruency-based detection of circular objects, 
stochastic optimization, and image segmentation was 
developed for solving the task. 
 

2. Data 
 
2.1. Sample preparation 
 
Phytoplankton samples used for obtaining images were 
received from: 1) natural south-eastern Baltic Sea 
phytoplankton containing P. minimum cells, 2) cultured 
P. minimum; and, 3) natural phytoplankton mixed with 
cultured P. minimum. All samples were fixed with 
acetic Lugol’s solution (in proportion: 0.5 ml of solution 
for 100 ml of sample). Cells of P. minimum in natural 
phytoplankton varied in shape from triangular- to oval- 
and heart-shaped, while cultured cells were mostly oval. 
The length of P. minimum varied from 14 to 22 m, 
while the width ranged from 12 to 18 m. 
 
2.2.  Images 
 
Images for the analysis were obtained from a colour 
camera of 1280960 pixels attached to an inverted 
microscope with magnification of 400x. Images were 
recorded in the RGBcolour space and then converted to 
the more homogenous Lab colour space for further 
analysis. Fig. 1 presents an image example, where three 
decision classes are identified, namely the invasive (an 
example of this class is enclosed in a rectangle), native 
(inclosed in a circle), and other (pentagon). Invasive (P. 
minimum) cells dominate the image. In total, 114 
images have been collected for the analysis at several 
occasions. 

3. Methods 
 
We use original Lab images as well as preprocessed 
images, to solve the object detection task. A clear 2D 
shell is a characteristic feature of the invasive cells. To 
emphasize the feature, we applied preprocessing via the 
phase congruency-based enhancement of image edges 
[8]. 
 
3.1. Image preprocessing 
 
The phase congruency idea is based on the assumption 
that features (edges, corners) are perceived in image 
points, where the signal Fourier components are 
maximally in phase. Kovesi proposed using the 
following phase congruency measure at a location x  in 
the signal [8]:  
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where An(x) and n(x) is an amplitude and a phase angle, 
respectively, of the nth Fourier component at the 
location x, )(x  is the amplitude weighted mean phase 

angle, w(x) is a parameter weighting frequency spread 
(phase congruency over a few frequencies is less 
significant than congruency over many frequencies),  is 
a small constant preventing division by zero, T is a 
parameter meaning that only energy values exceeding T 
influence PC (T  depends on the estimated noise level), 
and y=y if y>0 and y=0 otherwise. 
The task of Fourier analysis applied here is to give local 
frequency information. As suggested by Kovesi [8], we 
obtain this information by applying a bank of Gabor 
filters tuned to different spatial frequencies rather than 
via Fourier analysis. When working with 2D images, 
local energy is first computed in several orientations   
using 2D Gabor filters [8] and 2D phase congruency 
PC2(x) is then computed according to the following 
equation:  
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where the index   runs over orientations and  
 
 |))()((sin|))()((cos=)( xxxxx nn   . (3) 

 
We use a PC2 image to extract objects in an original 
phytoplankton image. In addition to information on 
phase congruency available from a PC2 image, we also 
utilize information of phase congruency variation with 
orientation. We obtain this information from an angle 
image  (an angle of the principal axis about which the 
phase congruency moment is minimized [9]) and an 
image of the magnitude of the maximum moment M 
(the moment about an axis perpendicular to the principal 
axis [9]) of phase congruency. Values of  and M, 
computed in each image pixel, are given by [9]:  
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where PC() is the phase congruency value computed at 
orientation  using Eq. (2). 
 
3.2. Determining centre points of circular-shaped 
objects 
 
P. minimum cells are approximately circular- or oval-
shaped, see Fig. 1. To facilitate the cell detection step, a 
technique for determining centre points of circular 
objects was developed, based on M and  images. One 
can consider image M as an image of edge clarity 
(certainty) values in each pixel of the original image, 
while image  reflects edge direction in each image 
pixel. Fig. 2 presents an example of an original image 
and corresponding M and  images.  
 

   
 

Fig. 2. An original phytoplankton image (left); and the 
corresponding M (middle) and  (right) images, where white 
means 0° and black – 180° 
 
Image C reflecting clarity (certainty) of a centre point in 
each image point is created first. The size of C is equal 
to the size of the original image, mn. We start by 
setting jiCij ,0,=  . Image C is then obtained by 

applying the following algorithm, where r is the 
supposed radius of an object. 
 
for i=1,…m 
for j=1,…,m 
 i+=i+rsin(ij+90),  j+=j+rcos(ij+90) 
 i=irsin(ij+90),  j=jrcos(ij+90)  
 if 0< i+m  and  0< j+n 
  

ijjiji
MCC  =  

 end (if) 
 if 0< im  and  0< jn 
  

ijjiji
MCC  =  

 end (if) 
end (for) 
end (for) 
 
The idea is similar to that used in the Hough transform. 
However, the technique we developed is much more 

robust to noise. Fig. 3 presents the C image computed 
from M and  images shown in Fig. 2 using r=45. As 
can be seen from Fig. 3, the approximate centre position 
manifests it self by high Cij values.  
 

 
 

Fig. 3. The C image computed from M and  images shown 
in Fig. 2 using r=45 
 
Since shape of P. minimum cells deviates from a circle, 
many pixels in the vicinity of the centre position exhibit 
high Cij values. Moreover, P. minimum cells differ in 
size. Therefore, C images are filtered by a rotationally 
symmetric Gaussian low-pass filter with the standard 
deviation =3. 
 
3.3. Determining contour of circular objects 
 
3.3.1. An iterative algorithm 
 
Having a centre position of a circular-shaped object, a 
square of size (2r+)(2r+), where  is a parameter, is 
clipped out around the centre together with 
corresponding M image for further analysis. The 
analysis is based on the assumption that a contour does 
not contain high curvatures and an approximate object 
radius r is known. To emphasize image elements 
making horizonal lines and to suppress isolated image 
elements, M image in the polar coordinate system is 
filtered by a Gaussian filter with a much larger standard 
deviation in the angle direction than in the r direction. 
An iterative algorithm is used to find a contour line c. 
The algorithm aims at placing a contour line in high 
intensity points of a filtered M image E in the polar 
coordinate system. For each , the initial contour 
position c

0, =0,…360°, is given by the largest r value, 
such that E,r>meanr(E,r):  
 
   ,)(mean>argmax= ,,

0
rrrr EEc 

 (9) 

 
where E,r is an image E element – intensity at angle  
and radius r. At each iteration, the contour line c is 
updated by c:  
 
 ,=1 ccc  ii  (10) 
 
where i denotes an iteration index and  
 
 ,= G Bstepc  (11) 

 
where Bstep stands for a vector of best step sizes at 
different  and the convolution operation, denoted by *, 
with a Gaussian filter G is applied aiming the 
adjustments at different  to be dependent on 
neighbours. The best step size at angle  is given by:  
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where G is a Gaussian window of 2w+1 size with 
maximum at G(0), step is varied from step to stepmax, 
and stepmax was set to 5. 
Fig. 4 presents the initial contour line (dotted line) and 
the contour line determined after 15 iterations (solid 
line). The determined contour superimposed on the M 
image and the original image is shown in Fig. 5. As can 
be seen from Fig. 5, noise in the bottom part of the 
contour line was eliminated. However, the contour line 
does not follow the "true contour" accurately in the 
region of 140°220°. 
 
    

 
 

Fig. 4. The initial contour line shown in yellow (light) and the 
final shown in blue 
 

    
 

Fig. 5. The determined contour line superimposed on the M 
image (left) and the original image (right) 
 
3.3.2. Contour correction by stochastic search 
 
The proposed iterative contour detection algorithm 
experiences difficulties when contour lines of other 
objects appear in the vicinity of a contour line being 
considered. The dark object in the left upper part of Fig. 
2 is an example. As can be seen from the image shown 
in the middle of Fig. 2 – the M image – other objects 
appear above and below the object being considered. 
Fig. 6 presents the object in the polar coordinate system, 
where the contour line is seen in the middle of the figure 
and the "other objects" appear at about 90° and 270°. 
These "other objects" hinder the contour line being 
searched from following the actual contour line. This 
deficiency is clearly seen in Fig. 7, where the initial 
contour line given to the algorithm is shown in dotted 
line, while in dashed line shown is the contour line 
determined by the algorithm. As can be seen from Fig. 
7, the "other objects" appearing at about 90° and 270°, 
disturb the algorithm.  
Stochastic search is applied to eliminate this deficiency. 
The main discrepancy of the stochastic search-based 
algorithm from the one presented in Section 3.3.1 is 
computation of the adaptation step. Instead of using the 
whole contour length, only one, randomly selected, 
angle value is used to compute the adaptation step in the 
stochastic version of the algorithm. Thus, at i th 
iteration, the angle r and the width wr of the Gaussian 
window are randomly selected and the adaptation 
step               is computed analogously to (12):  

 
 

Fig. 6. An object in the polar coordinate system 
 

   

 
   

Fig. 7. Initial contour line (dotted line); contour line 
determined by the iterative algorithm (dashed line); and 
contour line determined by the stochastic search (solid line) 
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where jr=r+j. If               contour adaptation takes 
place at r and in the neighbourhood of r, given by 
rwr:  
 rrrrrrr

r
i
rj

i
rj

wwjjGBstepcc  


,...,=),(=1  (14) 

 
The width of the Gaussian window wr  is randomly 
selected from the interval wmin=20 and wmax=100. The 
search continues for ns successful iterations,           , or 
for no iterations in total. Values of ns =40 and no=1000, 
found experimentally, worked well in all the tests. 
 
3.4. Segmenting original images 
 
To detect objects, not only phase congruency 
preprocessed images, but also original colour images 
were used. Since the RGB colour space is rather 
nonhomogeneous, original RGB images were first 
transformed to the Lab colour space and then used in the 
segmentation process, based on the Fuzzy C-Means 
clustering (FCM) algorithm. In fact, segmentation into 
two clusters, "objects" and "background" is needed in 
this study. However, aiming to obtain more accurate 
object boundaries, a larger number of clusters was used 
in the FCM algorithm. Then, in the next step, clusters 
were merged and too large regions, representing the 
background, were eliminated. 
 
3.5. Combining analysis results for object detection 
 
It is well known that fusing results obtained from 
different analysis techniques is an efficient way to 
improve the accuracy of the analysis [10, 11]. 
Therefore, the techniques developed to find centres of 
circular objects, to determine contour lines of such 
objects, and to segment an image into objects and 
background were combined into one algorithm. The 
algorithm can be summarized by the following steps: 
 
i. create an image of objects O by segmenting an Lab 

image;  
ii. determine centres of circular objects; 
iii. determine contour lines of the circular objects;  
iv. eliminate pixels belonging to the circular objects 

,0rBstep


0rBstep
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from the image O; this step ends the phase I of the 
algorithm; 

v. eliminate pixels belonging to very small and very 
large objects from the image O; objects much 
smaller than P. minimum cells are considered as 
being very small;  

vi. if the image O contains at least one object, take an 
object from O and perform the following steps 
(phase II) 
(a) determine a centre point of the object; if the 

object is larger than twice the average P. 
minimum cell size, the most distant point from 
the object edge is assumed to be the centre 
point;  

(b) determine a contour line of the object;  
(c) eliminate pixels of the object from O;  
(d) apply the morphological opening operation on 

the image O;  
(e) eliminate very small objects from O;  
(f) if O contains at least one object goto Step (vi); 

otherwise stop.  
 
We do not consider very small and very large objects. 
Objects with centre points too close to image boundaries 
are also left unprocessed. 
 

4. Experimental investigations 
 
4.1. Parameters of the algorithms 
 
There are several parameters governing the behaviour of 
the algorithms. The appropriate values of the parameters 
are chosen experimentally. Using the a priori knowledge 
about the size of P. minimum cells, the supposed radius 
of an object r was set to r=45. Three Gaussian filters are 
used by the algorithms. A C image is filtered by a 
rotationally symmetric Gaussian low-pass filter with the 
standard deviation . The parameter  was set to =3 
and worked well in all the tests. An M image in the 
polar coordinate system is filtered by a Gaussian filter 
with a much larger standard deviation in the angle 
direction than in the r direction. The standard deviation 
equal to 8 and 1 in the angle and r directions, 
respectively, was a good choice. The width of the 
Gaussian window wr used by the stochastic contour 
correction algorithm is randomly selected from the 
interval wmin=20 and wmax=100. The number of 
successful iterations ns and the total number of iterations 
no used by the algorithm were set to ns=40 and no=1000. 
Objects larger than five times the average cell size are 
considered as being very large. It is worth mentioning 
that the algorithms are rather insensitive to the choice of 
the parameters. 
 
4.2. Results 
 
The performance of the algorithm is evaluated by 
computing the percentage of detected P. minimum cells 
among all detected objects. This measure is equivalent 
to the sensitivity measure used to characterize the 
performance of a binary classifier. Other objects not 
belonging to the class of P. minimum cells are also 
detected. Algorithms to discriminate between P. 

minimum cells and other objects will be developed in 
future studies. 
Fig. 8 presents an example of object detection results for 
a full-size image. As can be seen from Fig. 8, majority 
of small "uninteresting" objects were eliminated and all 
P. minimum cells, except those with centre points too 
close to the image boundaries, were detected. All 
objects detected in phase II do not belong to the class of 
P. minimum cells. Fig 9 and Fig 10 present two more 
examples of object detection results. Objects marked by 
crosses and do not having a detected contour line were 
left aside from the analysis, as being too close to image 
boundaries if compared to the chosen value of 
parameter r . 
In total, 114 full-size images were processed and the 
detection results were verified by manual inspection. 
The manual inspection has shown that there are 2088 P. 
minimum cells in these images in total. The algorithms 
found 2412 objects. Among these objects, 1947 were P. 
minimum cells. Thus, 93.2% of P. minimum cells 
present in the images were detected. Bearing in mind 
the simplicity of the imaging system used the result is 
rather encouraging. 
 

 

 

Fig. 8. An image containing objects detected in phase I (solid 
line) and phase II (dashed line) 
 

 
 

Fig. 9. An image containing objects detected in phase I (solid 
line) and phase II (dashed line). Objects marked by crosses 
and do not having a detected contour line were not analyzed 
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5. Conclusions and future work 
 
This article addressed a very important object detection 
task, which is to be solved if one is aiming to develop 
an automated system for detection, recognition, and  
 

 
   

Fig. 10. An image containing objects detected in phase I (solid 
line) and phase II (dotted line). Objects marked by crosses and 
do not having a detected contour line were not analyzed 
 
derivation of quantitative concentration estimates of 
different phytoplankton species using ordinary inverted 
microscope phytoplankton images. It is worth noting 
that the object detection problem is almost never 
addressed in the literature. Robust object detection, 
however, is a prerequisite for obtaining a robust system 
for automated analysis of plankton images. 
This article was mainly concerned with detection of 
objects representing one invasive species, a 
dinoflagellate Prorocentrum minimum (Pavillard) 
Schiller, which is known to cause harmful blooms in 
many estuarine and coastal environments. In contrast to 
many previous techniques, a simple imaging system was 
used to obtain phytoplankton images in this study. A 
new technique, combining phase congruency-based 
detection of circular objects, stochastic optimization, 
and image segmentation was developed for solving the 
task. Experimental tests have shown that robust object 
detection is possible even in images, where image area 
occupied by objects was much larger than 3%. On 
average 93.25% of objects representing P. minimum 
cells were detected. In future work, algorithms for 
automated classification of objects into classes 
representing various phytoplankton species will be 
developed. 
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Abstract: pedestrian flow data of public transport, 
museums, galleries, shops and other buildings can help 
to maximize return on expenditure, to increase 
efficiency of business or to monitor unusual behavior 
for security reasons. Managing agents, owners, retailers, 
even security executives are always welcome for data 
that lets to predict customers or visitors behavior and to 
tune business afterwards. 
This paper investigates two methods for pedestrian 
counting in both directions using web camera: Optical 
Flow and Hierarchical Temporal Memory (HTM). 
These methods were applied to same data and the quick 
overview of implementation and results is presented. 
 
Keywords: object recognition, movement tracking and 
classification, Optical Flow method, Hierarchical 
Temporal Memory method, computer vision. 
 

1. Introduction 
 
This paper presents two methods, Optical Flow [1] and 
Hierarchical Temporal Memory (HTM) [2], for 
counting pedestrian flow in both directions in a public 
places, like public transport, museums, shops, etc. This 
information can be used for removing pedestrian traffic 
bottlenecks, reducing loads, distributing traffic and 
adjusting business processes according to pedestrian 
activity. 
The paper contains six main sections. In the second 
section experimental setup is overviewed; it’s same for 
both methods. Third section gives more information 
about Optical Flow method and fourth section covers 
HTM methods extension for people counting. 
Comparison of both methods is represented in section 5. 
And conclusions including future work are in section 6. 

 
2. Experimental setup 

 
There were used experimental equipment: notebook 
type computer, web camera (Logitech® QuickCam® 

Pro 9000) to collect video material for this 
investigation.  
Place of camera installation is chosen above the 
passage, the image is formed perpendicularly to the 
floor (Fig. 1) and this allows us to determine when 
pedestrian enters or leaves a building accurately. 
 

       
 

Fig. 1. a) Camera mounting schema, b) equipment 
 
Recording resolution was set to 640x480 at 25 fps. 
Total over 2 hour video material was collected. During 
this time 76 pedestrians passed. There were situations 
when 2 peoples entered or passed each other in same 
time. A few situations presented in Fig. 2. 
 

 
 

Fig. 2. A few examples of observation data 

USB 
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3. Optical flow 
 
Optical flow [1-2] is the pattern of apparent motion of 
objects, surfaces, and edges in a visual scene caused by 
the relative motion between an observer (an eye or a 
camera) and the scene. Optical flow techniques [3-4] 
such as motion detection, object segmentation, time-to-
collision and focus of expansion calculations, motion 
compensated encoding, and stereo disparity 
measurement utilize this motion of the objects surfaces, 
and edges. 
The optical flow methods calculate the motion between 
two image frames which are taken at times t and t + δt 
at every volumetric pixel (voxel) position. This feature 
can be used in video or live-video material analysis for 
motion estimation. An example is shown in Fig. 3. 
 

 
 

Fig. 3. An example of optical flow direction (by lines) 
 

3.1. Pedestrian counting algorithm 
 
Primary processing was made using optical flow. In an 
image given below (Fig. 4) four areas are presented 
(PX1, PX2, PX3 and PX4), where a difference initiated 
by the persons going in/out the building is studied. 
 

Intensity1= ∑change(PX1)   
(1) 

If Intensity1>threshold1, then object=1  
(2) 

Else object1=0  
 
where, PX1 are zone near enter to building (Fig. 4), 
PX2, PX3 and PX4 have same check. As the 
experiment results showed it is rational to choose 

threshold value equal to 50% of pedestrian total change 
witch is calculated when he enters or leaves. 

 
 

Fig. 4. An example of selected zones 
 
The direction of a passenger was registered by 
IF…THEN logic: if PX1 area is crossed first and then 
PX2 one – the pedestrian gets in otherwise gets out. 
Same logic used with PX3 and PX4 zones. 
Other places of the picture are not analyzed and this 
enables a quick-acting of the proposed algorithm. 
 
3.2. Experiments and results 
 
Part of final results is shown in Fig. 5 (video frames 
2000-6000). Algorithm accuracy results are listed in 
Table 1. 
 
Table 1. Results summary 
 

Total humans in video material 76 

Detected 72 

Accuracy of detection 94.70% 

Correct direction from detected humans 71 

Accuracy of direction 98.60% 

 
Algorithm accurately detects a single pedestrian getting 
in/out the building, however it cannot detect 3 
pedestrians when they are passing in same time (we had 
one situation), also algorithm missed one pedestrian 
going by corner and two getting out very close by other 
pedestrians.  
We get 94.7 % accuracy of algorithm in current context 
for human detection and 98.6% accuracy of direction 
detection. 
 

Humans detected 

 
 

Fig. 5. Part of final results (video frames 2000-6000) 

Missed one pedestrian Missed one pedestrian
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4. Hierarchical Temporal Memory 

 
HTM is a memory system that implements the structural 
and algorithmic properties of the neocortex [5-9]. 
Instead of programming individual solutions for each 
problem, this method uses common algorithms to solve 
many cognitive tasks. 
Numenta provided some tools to experiment with HTM 
algorithms. The core is NuPIC [10] framework based on 
Python programming language. It allows creating a 
HTM network in any structure, to train, to debug and to 
run inference on data sets after training is done. Visio 
Framework [11] is an extension of NuPIC to design 
networks for vision problems only in a parameterized 
way without coding python. We used both tools to get 
the results. 
 
4.1. Pedestrian counting algorithm 
 
The main idea of this method is to decide how much 
pedestrians can pass each other naturally without jostle 
and to dedicate same amount of segments along 
passageway. In the current context there are two 
segments (Fig. 6), but in most contexts one is enough, 
because in those cases pedestrians tend to wait while 
another one is walking through. 
 

 
 

Fig. 6. An example of segmentation 
 
In each segment we track for probability of pedestrian 
being and stripes activity. A high probability of 
pedestrian being in the segment tells us, what probably 
where is a pedestrian inside the segment and activity 
sequence of stripes lets identify the direction of 
movement. So, if we know, that where a pedestrian 
inside the segment is and we know which stripe was 
activated first, witch one the last one, we can add to 
pedestrian counter +1 or -1 accordingly. 

We prepared two HTM networks, they differs only by 
size of sensor. First one is trained to recognize 
pedestrian in the segment and the second one is trained 
to recognize an activity of stripe. For each network we 
used sets of 3000 classified images and it’s only one 
third of all not empty data. 
So, for each frame we calculate 8 floating point 
probabilities (2 segments, 6 stripes) and we know how 
probabilities changes in time after each frame. Using 
few rules, we convert those probabilities into 0 or 1 
integer values. Now pedestrians can be counted, 
because we know exact time intervals when a pedestrian 
was seen and which direction he was walking. 
 
4.2. Experiments and results 
 
Part of results for HTM algorithm is shown in Fig. 7 
and all results divided in 4 groups are shown in Table 2  
 
Table 2. Experimental results 
 

Group number, name Humans Results 
1, accurate 58 76.32% 

2, walks in the middle 10 13.16% 

3, sees double 6 7.89% 

4, errors 2 2.63% 

Total: 76 100.00% 

 
First group is the most confident. If the pedestrian really 
walks through the left segment, we detect him in the left 
segment. The same is with the right segment. Second 
group are cases when a pedestrian walks through the 
middle of passageway, but algorithms counts him only 
in the one segment (right or left) and it’s correct. The 
third group is a bit tricky, because in those cases a 
pedestrian walks in the middle as in second group, but 
is detected in both segments at the same time. Those 
cases can be classified correctly too by applying 
following rule. If two segments that are very similar by 
activity (ends and starts almost at the same moment, and 
has the same direction) then they can be merged. 
Instead of counting two pedestrians with same 
direction, we add only one to the counter. The final 
group is errors. In one of those situations, 3 pedestrians 
walk at the same time very close to each other and we 
miss one of them. The second error, when one short 
pedestrian walks in the middle of frames. Both 
segments detected, what there is a pedestrian, but 
couldn’t detect a direction of movement. If we sum all 
three groups as correctly detected pedestrian we have 
97.37 % accurate of algorithm in current context. 
 

 
 

Fig. 7. Some results for both segments. 1 – one human entered, -1 – one human exited 
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5. Optical flow versus HTM 
 
Methods are implemented in different programming 
languages and this should be considered. Optical flow 
algorithms are done in MatLab and HTM in Python 
programming language. 
Both methods need some sort of calibration. Optical 
flow is easier to setup and works with same accuracy 
even if background varies. After configuration is 
optimized this method can be applied to different 
applications without further requirement of additional 
effort. HTM algorithms require additional work for 
each installation, because networks should be retrained 
using at least few hundred classified images from the 
new background and this can be done only manually. 
However, both algorithms use some thresholds to 
optimize accuracy and these parameters should be 
optimized anyway for desired background or for set of 
similar backgrounds. 
Optical flow processes one frame per 0.32 s in 
comparison to 0.76 s of HTM methods. So, it’s faster 
and can perform even faster if only small movements in 
images are detected. Unfortunately time of one 
recognition cycle by HTM is always the same and do 
not depends on activity in images. This implies that 
Optical flow is 3 or more times faster.  
Luckily both methods can skip frames without 
processing them if only background is visible and no 
movement detected. In not crowded places sum of such 
empty frames can exceed more than 50-90 % of total 
frames. Its huge idle time spans that can be used to 
process already acquired frames from camera or to do 
any useful preprocessing work. 
The most important difference between both methods is 
that HTM methods actually learn to recognize 
pedestrians and differentiate them from other sharp 
objects. It is much more accurate and stable when any 
type of noise is presented comparing to Optical flow 
and actually we can to train HTM networks to recognize 
noise as not pedestrians in any specific context. For 
example, if HTM will encounter a shadow it will likely 
to recognize it as a not pedestrian which is much more 
complicated with Optical flow method. This HTM 
ability to recognize objects and classify to categories, 
even if those are more than 2, makes it more flexible in 
many contexts. If only some kind of moving objects 
should be counted, HTM can handle it. 
Trying to compare methods by accuracy we can see, 
that they both are inaccurate when few pedestrians 
merges visually. HTM accuracy is 97.37 % comparing 
to Optical flow 94.70 %. 
Sometimes directions aren’t important. For example, 
most public buildings have only one entrance. If we 
detect and count all pedestrians without direction then 
in the end of the day we can divide that number by 2 
and get almost accurate visitors’ number. This is useful 
because both methods are much more accurate in 
objects detection than recognizing direction. 
 
 
 
 

6. Conclusions and future work 
 
Two methods, Optical flow and HTM, were 
implemented and tested for counting pedestrians flow. 
The same data set was used for both of them. 
We intentionally have chosen wider entrance to test 
methods accuracy when two or more pedestrians can 
freely walk close each other in same or opposite 
direction at the same moment. Methods were fairly 
accurate and they can be applied to real situations. 
Optical flow is more suitable when simpler and fast 
approach is required without extended involvement of 
additional people work. HTM is more preferable if 
classification of moving objects is a key. 
Both methods can be applied to various contexts but 
they have own pros and coins that should be taken into 
account. 
In near future we will try to make these methods able to 
perform in real time and to install an application for 
pedestrians counting in real business environment. 
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Abstract: An efficient algorithm for detecting change 
point of parameters of GARCH process is proposed. 
Parameters of the process before and after the change 
point are assumed to be unknown. A sequential 
procedure of estimating the GARCH parameters based 
on the least squares method with special weights is 
considered. The choice of weights and the stopping rule 
guarantees the pre-assigned accuracy of the estimation. 
Results of numerical simulation prove the efficiency of 
the suggested procedure. 

  
Keywords: GARCH model, fault detection, least 
squares method, mean square error.  

  
1. Introduction 

  
Detecting possible changes in the stochastic structure of 
a time series has become an important area of research 
in the problems of control and identification. In the case 
of long time series, the model with constant parameters 
could be unsatisfactory and that's why more than one 
model should be used. The problem of determining the 
change of statistical characteristics of a random process 
is classic and is known as the change point detection 
problem (see for example [1,2]). Generalized 
Autoregressive Conditional Heteroscedastic(GARCH) 
model was proposed by T. Bollerslev [3]. The problem 
of estimation of parameters in such models is difficult. 
A number of estimation methods for GARCH models 
were proposed. Most of them based on maximum 
likelihood estimation [4,5]. Baillie and Chung [6] 
proposed a minimum distance estimator for 
GARCH(1,1) models based on the autocorrelation 
function of the squared observation. A distribution free 
approach to the estimation of GARCH(1,1) models is 
presented in [7]. This paper proposes a sequential 
procedure for detection the change point from one set of 
unknown parameters to another. The estimates are used 
for detecting the change point of unknown parameters. 
The detection procedure is based on a comparison of 

parameters estimators on different observation intervals. 
Sequential method for estimating parameters in 
GARCH(1,1) process which is based on the weighted 
least square method, proposed in [8] is presented. 

  
2. Problem statement 

  
Consider the GARCH(1,1) process specified by the 
equation 

 
1 1 1= , = 0,1,...n n nx n    ,                          (1) 

 
where  n  is a sequence of independent identically 
distributed random variables with mean 0 and variance 
1. Conditional variance of process nx  is stochastic 
process such as  
 

2 2 2
1 = ,n n na x      

 
where { , }a   are supposed to be unknown, parameter 
  is known. However, parameters of process satisfy 
the conditions:  
 

> 0, 0, 0,0 < < 1.a        
 

The process 1n   is stationary [3]. The value of the 
parameter vector = { , }a Λ  changes from 0Λ  to 1Λ  at 
the change point  . The initial and final parameters 
satisfy the condition 2

0 1 > 0  Λ Λ , where   is the 
known value defining minimum distance between the 
parameters before and after the change point. The 
problem is to detect the change point by observations of 
process nx . 
 
 
 
 

71



 

3. Sequential estimation 
 

Since parameters both before and after the change point 
are unknown, we should obtain their estimators. Using 
definition of  GARCH - process  
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In order to classify autoregressive process with 
unknown noise component and to estimate the 
parameters of process, we use approach, which was 
suggested in [9]. Process  (1) can be written as  
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To bound influence noise term on realization of process 
we introduce next notation  
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Let 2

1 1= 1n n    ,  = T

n n nu wU ,  = a Λ . Now 
we rewrite process (1) as:  
 
                           1 1= .n n n nY B  ΛU                     (2) 

 
Let’s define estimator of nB  in (2). On the one hand  
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On the other hand  
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N - natural number, such as NC  can be specified. Then 
we will use the following estimator of nB   
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To estimate the unknown parameters Λ , we use 
sequential method based on the modified least squares 
method, proposed in [8]. Denote  
 

=0
( ) = ( , ) .

N
T

n n
n

v n x A U U  

 
Choosing a positive parameter H , we find the random 
stopping time   from the following condition:  
 
               = ( ) = { > 0 : ( ) },minP inf N N H            (3) 

 
( )min N  is the minimum eigenvalue of the matrix 

( ).NA  Here > 0H  is the parameter of procedure. The 
non-negative weights ( , )v n x  on the intervals [1, 1]p   
are equal to 

 
1( , ) =

T
N n n

v n x
B U U

. 

 
The weights ( , )v n x  on the intervals [ , 1]p    are found 
from the conditions  
 

                         2
2

=

( )
( , ) .

k
Tmin
n n

nN

v n x
B 

 
  U U


             (4) 

 
The weight ( , )v x  is found from the condition  
 

                    ( ) = .min H                             (5) 
 
We construct the parameter estimation in the form  
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Properties of the proposed estimation are given in 
Theorem 1. 
Theorem 1. For any > 0H  the mean square accuracy 
of estimator * ( )HΛ  satisfies the inequality  
 

 2*
2

1( ) .H
M H

H


 Λ Λ  

 
Proof of Theorem 1. The stopping time is finite with 
probability one if series 
 

              2

=0
( , ) = . .T

n n
n

v n x a s


 U U              (7) 

 
converges. Taking into account that 1T

n n U U , the 
series convergence condition and the definition of 
eigenvalue of matrix, one can obtain for the weights 

( , )v n x  quadratic equation  
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A U
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This equation has two roots:  
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So the series (7) converges only if ( , ) 0, .v n x n   
By estimating positive root of the quadratic equation for 

( , )v N x , one can obtained that it is greater than the 
cosine of the angle between the eigenvector 
corresponding to the minimum eigenvalue of the matrix 

( )NA  and vector T
NU . This cosine converges to zero if 

and only if NU  tends to a fixed vector. But first 
component of vector NU  can possess any value, so NU  
does not converges and condition (7) holds. 
Using the Cauchy-Bunyakovskii inequality, (4), (6) one 
can obtain  
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To estimate the first term, we introduce the truncated 
stopping time ( ) = { , }N min N  . It is obvious that 

( )N   when N  . Let 0 1= ( , ,..., )n nF x    be 
 -algebra generated by variables 0 1{ , ,..., }nx   . Using 
the properties of conditional expectations we can get  
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The following theorem gives an asymptotic boundary 
for mean square error under condition H  . 
Theorem 2. Let the process (1) is stable and 4 <lE  . 
For sufficiently large H   

* 2{ ( ) > } 2(1 2 ( )),
2

xH
P H x   Λ ΛP P  

where ( )x  is a standard normal distribution function. 
Proof of Theorem 2. To prove Theorem 2 the estimator 
(6) is considered. Similarly to the proof of theorem 1 
one can obtain  
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Any component of sum is independent random 
variables with mean 0 and variance not greater than 1. 
Hence, using the central martingale limit theorem [6], 
we obtain  

 

* 2{ ( ) > } 2(1 ( )).
2

xH
P H x  Λ ΛP P  

 
4. Change point detection procedure 

 
First we construct the estimators * ( )i HΛ  of parameters 
of the process (1) at the moments i  defined by (5). 
Then we compare estimators which are constructed at 
the moments ( )i H  and ( )i m H  , where m  is a natural 
number. Decision that the change point   is located on 
these selected interval is accepted if difference between 
the values of parameters is not less than , 0 < <   . 
So detection procedure use the statistic which has next 
view  
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where ( )kΛ  and ( )k mΛ  are real values of vector of 
parameters Λ  corresponding with intervals. 
The probabilities of false alarm and the delay are 
important characteristics of any change point detection 
procedure. Due to using the guaranteed parameter 
estimators one can found the upper bound for these 
probabilities  
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5. Numerical simulation 

 
Consider GARCH(1,1) process 
 

1 1 1= , = 0,1,...n n nx n     
 

where  
 

2 2 2
1 = ,n n na x      

 
 n are Gaussian random variables with zero mean  
and 
unit variance. The observable process has two change 
points: at the moment 1 1500   parameters of the 
process change from 0.4, 0.3a   to 0.5, 0.2a    
and at the moment 2 3000   parameters of the process 
change to 0.2, 0.6a   . Parameter 0.3  . 
 

 

 
Fig. 1. Parameters and their estimates 

 
Table 1. Results of estimation method 

  

 *
1Λ  *

2Λ  *
3Λ  t  p  

= 50
= 0.1

H


 

0.393
0.305
 
 
 

0.462
0.239
 
 
 

 
0.229
0.561
 
 
 

 0.02 0.002 

= 70
= 0.07

H


0.4

0.292
 
 
 

0.461
0.268
 
 
 

 
0.228
0.582
 
 
 

 0.014 0.002 

= 30
= 0.2

H


 

0.406
0.296
 
 
 

0.356
0.225
 
 
 

 
0.177
0.47

 
 
 

 0.034 0.013 

 
In the Table 1, results of numerical modeling of 
proposed estimation method of parameters of 
GARCH(1,1) process are given. * , = 1,2,3i iΛ  - 
estimators of parameters of process, t  and p  - values 
of mean square error, obtained with theoretical formulas 
and as a result of numerical simulations 
correspondingly. 
 
Table 2. Characteristics of change point detection 
 

 
1  2  0T  1T  

= 50
= 0.1

H


 

1390 2550 381 971 

= 70
= 0.07

H


 

1603 3135 144 1459 

= 30
= 0.2

H


 

654 920 1829 2858 

 
Table 2 gives the result of numerical simulation of 
change point detection procedure. , 1, 2i i   are mean 
estimators of  change point, , 0,1iT i  are mean time of 
delay and false alarm correspondingly.  
 

6. Conclusions 
  

Sequential procedure for detecting change point of 
parameters of GARCH(1,1) process is proposed in this 
paper. Parameters of the process are assumed to be 
unknown before and after the change point. To estimate 
unknown parameters of the process the modified 
weighted mean squares method is used. Characteristics 
of the obtained estimators are investigated. It’s proved 
that proposed estimation method guaranties the 
prescribe accuracy of the estimator and an asymptotic 
boundary for mean square error was found. Due to 
using this estimation method the upper bound for 
probabilities of false alarm and the delay was found. 
Result of numerical simulation proved the efficiency of 
the suggested change point detection procedure. 
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Abstract: This paper presents results of the research 
about information security threat applicability to one of 
the emerging technology implementation concepts. The 
Radio Frequency Identification (RFID) technology 
based concept of designing data management systems 
was chosen for the research analysis. The paper presents 
major aspects of the technology architecture concept 
that are related to information security. This paper also 
presents results of such evaluation and authors' 
recommendations for future research and development 
needs in RFID middle-ware security problems domain.  
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1. Introduction 

 
As a result of the explosive growth of information and 
communication technologies during last decade 
business dependence on reliable and secure functioning 
of information and communication technologies has 
boomed. It would be difficult to find a business field 
that has not been touched by information technology 
and dependent on information it processes. Information 
systems have become pervasive in global society and 
business, and the dependence on these systems and the 
information they handle is arguably absolute. The three 
cornerstones of information security – confidentiality 
integrity, and availability of organization owned 
information and business processes supporting systems, 
becomes a key factor in ensuring competitive advantage 
and mission critical factor for successful and effective 
functioning of business processes [1]. 
Emerging technologies and growing business processes 
reliance on them have led to the necessity of additional 
researches in the field of information security aspects 
for these emerging technologies and their 
implementations. 
This paper presents a study on security threat 
applicability to one of the emerging technology 
implementation concepts – The Radio Frequency 
Identification (RFID) technology. Onwards Data-And-

Rules-Saved-In-Resource (DARSIR) [2] concept is 
studied, implementation based on RFID technology and 
also security problems are defined. Main task of this 
research is to define common security problems of 
RFID technology and a concrete implementation in 
DARSIR concept, as well as to identify new risks and 
propose protection instruments from them. 
In this paper RFID technology and DARSIR concept 
are briefly examined, basic definitions are given. RFID 
technology specific attack taxonomy, information 
security problem applicability to DARSIR concept and 
RFID controls for information security risk mitigation 
are studied. The result, which was obtained, has given 
the conclusion, that future research of RFID middle-
ware security problems and development of more 
secure systems is needed. 

 
2. RFID technology 

 
RFID [3] is an automatic identification method relying 
on storing and remote data retrieving using devices 
called RFID tags. RFID tag is possible to place in 
physical object, embedding in physical object or to 
construct interaction with other physical objects (for 
example sensors). 
Note that detailed analysis and discussion of RFID 
technology is not the purpose of this paper. Refer to [3] 
for this purpose. 
The definitions of the basic components of RFID 
technology, used later in this paper: 
• RFID tag – consists of a microchip and a radio 

antenna. The chip in the tag contains information 
about the item that it is either attached to or 
embedded in. The tag transmits that information to 
the reader using radio signals [4]. 

• RFID reader – is an electronic device used for 
communication between RFID tags and a host 
computer system. A reader generally consists of an 
RF transmitter and receiver and an antenna for 
communicating with tags. A digital interface enables 
the reader to communicate with the host computer 
system [4]. 
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• Electronic Product Code (EPC) – is an 
identification scheme that can uniquely identify 
physical object [4]. 

• Physical Markup Language (PML) – the format 
modification of XML, is provides a format of 
saving and exchange data about physical objects 
and described in [5, 6]. 

 
2.1. Typical scheme of work with RFID technology 

 
On first stage it is required to look into architecture 
framework that is a defined support structure of 
standards on which base some project can be organized 
and developed. 
In RFID industry EPCglobal Standards are used as 
standard de-facto. EPCglobal is a consortium of 
industry leaders like Wal-Mart, Cisco Hewlett-Packard 
etc. 
To define RFID technology specific information and 
security problems, it is required to have a detailed look 
on the accepted scheme of RFID technology. EPCglobal 
is the recommended scheme of RFID technology 
workflow – it is shown in Figure 1. 
 

 
 

Fig. 1. EPCglobal - the recommended scheme of RFID 
technology workflow [7, 8, 9] 
 
Potential security risks may be defined in any data 
source. It can be business application (for example 
Enterprise Resource Planning System, Web Map 
Service, Manufacturing Execution System, etc), data 
exchange through PML for communications with others 
applications, and also important is sites without data 
acquisition interface, Application Level Events  server, 
Object Naming Service, EPC Information Services 
server and RFID based applications. 
 
 
 

2.2. The DARSIR concept 
 

DARSIR concept [2] – is the new concept of designing 
data management system, which is based on the idea of 
refusing usage of other sources (such as database), and 
the decision to save the information (attributes and 
rules) to physical object (resource). DARSIR concept 
can be used with RFID technology and onwards we will 
be considering implementation based on this 
technology. 
DARSIR concept is based on following basic 
components: 
• Resource – is any object of the living or lifeless 

nature which is involved in working process of 
information system. The information of a concrete 
resource and its interrelationship with other objects 
(or types of objects) must be stored in this resource. 

• Resource Physical Markup Language (RPML) – is 
XML-like language that was developed specially for 
DARSIR concept. 

To read and process information from RFID tags, 
special device is required. The DARSIR concept 
working process key element is RFID reader. RFID 
reader has a built-in embedded system that loads to and 
carries out rules from RFID tags. To load rules from 
RFID tags, tags must be located within RFID reader 
working zone. If RFID readers are connected in 
network of RFID readers, they carry out RFID tag 
information (attributes and rules) exchange. 
Resources (RFID tags) are important for real solutions 
as well as simulations, because it is necessary to change 
information (attributes and rules) only in resources (in 
RFID tags) for creation of working process. Other 
elements of working process (such as RFID reader) 
usually do not need any modifications. 
To store and process information acquired by RFID 
readers, there should be a data structure. In the DARSIR 
concept information is stored in resource in Resource 
Physical Markup Language (RPML). In the DARSIR a 
new modification of PML is used. 

 
3. RFID technology specific information security 

problems 
 
RFID systems as every other technological solution due 
to their architecture and implemented technologies have 
some applicable information security risks. General 
RFID technology specific risks, related attacks and risk 
reducing controls (countermeasures) are quite well 
researched in described in different publications [3, 4, 5, 
and 10].  
At the same time security risk posture changes if new 
architecture or technological solutions are being 
involved. Some risks remain applicable while 
probability of their occurrence and potential impact 
changes, some risks are not valid anymore. At the same 
time new technology and architecture brings new 
additional information security risks which, if timely 
ignored, may dramatically affect implementation and 
further usage of new ideas and concepts. 
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This section of paper contains information about RFID 
technology risk and attack taxonomy and authors’ 
research results on these risk applicability onto 
DARSIR concept – the concept of designing data 
management systems. 

 
3.1. Information security risks 

 
Information security covers all information processes, 
physical and electronic, regardless of whether they 
involve people and technology or relationships with 
trading partners, customers and third parties. It is 
concerned with all aspects of information and its 
protection at all points of its life cycle within the 
organization. 
Information security system’s functioning process is 
iterative (cyclic) and realizes risk management practices 
which include risk identification and prioritization, 
development and implementation of countermeasures 
(controls to minimize risk) and residual risk assessment 
activities [11] 
Information security system is functioning on all 
organizations’ hierarchical levels. According to [12] 
there are 3 levels of information security system, each 
of them is having different functions and 
responsibilities: 
• Governance level; 
• Management level; 
• Operational level. 

On the other hand, according to the risk theory, any risk 
(including information security ones) is defined as 
multiplication of probability and impact of the threat. 
The higher probability and/or impact of the threat, the 
higher will be the risk. In addition, threats could be 
internal or external and could affect one or more of the 
basic information security concepts – confidentiality, 
integrity or availability [1]. Thus it is necessary to 
define the scope of information security risks covered 
by the research. 
During the research results of which are presented in 
this paper, authors have focused on external RFID 
technology-specific Operational level risks, which arise 
from attacks on RFID technology implementations. As 
number and significance of RFID technology 
implementations grows, the probability and impact of 
such successful attacks grows as well, resulting in 
increasing information security risks of RFID 
implementations. 
 

3.2. RFID technology specific attack taxonomy 
 
Onwards we will look into main possible attacks that 
are done on RFID system. Information from study [10] 
was taken as basis. For convenience of following 
description trade systems will be used as example. 
Someone attacking an RFID system may use it to help 
stealing a single object, while another attack might be 
used to prevent all sales at a single store or at a chain of 
stores. An attacker might want misinformation to be 
placed in a competitor’s backend database so that it is 

rendered useless. Hackers may want to outmaneuver 
physical access control, while having no interest in the 
data. Therefore, it is necessary for anyone looking at the 
security of an RFID system to identify how their assets 
are being protected and how they might be targets. 
There are many ways of how RFID system could be 
attacked, here are some of them: 
• Spoofing attacks supply false information that looks 

valid and that the system accepts. Typically, 
spoofing attacks involve a fake domain name, 
Internet Protocol (IP) address, or Media Access 
Code (MAC). An example of spoofing in an RFID 
system is broadcasting an incorrect Electronic 
Product Code™ (EPC™) number over the air when 
a valid number was expected [10]. 

• Insert attacks insert system commands where data is 
normally expected. These attacks work because it is 
assumed that the data is always entered in a 
particular area, and little to no validation takes 
place. Insert attacks are common on Web sites, 
where malicious code is injected into a Web-based 
application. A typical use for this type of attack is to 
inject a Structured Query Language (SQL) 
command into a database. This same principle can 
be applied in an RFID situation, by having a tag 
carry a system command rather than valid data in its 
data storage area (e.g., the EPC number) [10].  

• In a replay attack, a valid RFID signal is intercepted 
and its data is recorded; this data is later transmitted 
to a RFID reader where it is “played back.” Because 
the data appears valid, the system accepts it [10].  

• DOS attacks, also known as flood attacks, take place 
when a signal is flooded with more data than it can 
handle. A variation on this is RF jamming, which is 
well known in the radio world, and occurs when the 
RF is filled with a noisy signal. In either case, the 
result is the same: the system is denied the ability to 
correctly deal with the incoming data. Either 
variation can be used to defeat RFID systems [10].  

• Tag data manipulation attacks. Depending on the 
nature of the tag, the price, stock number, and any 
other data can be changed. When items with 
modified tags are bought using a self-checkout cash 
register, no one can detect the changes. Only a 
physical inventory would reveal that shortages in a 
given item were not matching the sales logged by 
the system. RF Dump program is written in Java 
language. The program scans for RFID tags via an 
ACG brand reader attached to the serial port of a 
computer. When the reader recognizes a card, the 
program presents the card data in a spreadsheet-like 
format on the screen. The user can then enter or 
change data and reflect those changes on the tag. 
Also could be used on PDAs [10].  

• Middleware attacks can happen at any point between 
the reader and the backend. However, the weakest 
point is probably the local area network (LAN).This 
device could be sniffing valid data to use in a replay 
attack, or it could be injecting data into the LAN, 
causing a DOS attack against the payment system. 
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This device could also be allowed unauthorized 
transmissions. Another possibility might be a 
technically sophisticated person taking a job in order 
to gain access to the middleware. Some “social 
engineering” attacks take place when someone takes 
a low paying job that permits access to a target 
system [10].  

• Backend attacks. Because the backend database is 
often the furthest point away from the RFID tag, 
both in a data sense and in physical distance, it may 
seem far removed as a target for attacking an RFID 
system. However, it bears pointing out that they will 
continue to be targets of attacks. Databases may 
have some intrinsic value if they contain such things 
as customers’ credit card numbers. A database may 
hold valuable information such as sales reports or 
trade secrets, which is invaluable to a business 
competitor. Manipulated databases can also have 
real-world consequences beyond the loss of 
consumers’ buying power [10].  

• Blended attacks. Attacks can be used in 
combinations. The various attacks seen in 
opposition to RFID systems have also been made 
against individual subsystems. However, the 
increased cleverness of those who attack RFID 
systems will probably lead to blended attacks. An 
attacker might attack the RF interface of a retailer 
with a custom virus tag, which might then tunnel 
through the middleware, ultimately triggering the 
backend to dump credit card numbers to an 
unknown Internet site via an anonymous server [10]. 

• Man in the Middle (MiM) attacks. A Man in the 
Middle (MIM) attack is an attack angle that takes 
advantage of the mutual trust of a third party, or the 
simultaneous impersonation of both sides of a two-
way trust. MIM attacks are unknown parties in a 
communication, who relay information back and 
forth, giving the simultaneous appearance of being 
the other party. Radio Frequency Identification 
(RFID) is particularly susceptible to MIM attacks 
because of its small size and low price. Most RFID 
technologies talk to any reader close enough to read 
the signal. There is no user interaction in reading the 
tag, and no authentication of the reader takes place. 
Consequently, you can walk up to someone with an 
RFID tag and a reader tuned to the frequency of 
their tag, and read or interact with their tag without 
he or she knowing, while replaying or emulating the 
tag to the reader at the same time [10].  

• Desynchronization attack. In a desynchronization 
attack the adversary aims to disrupt the key update 
leaving the tag and reader in a desynchronized state 
and rendering future authentication impossible. [13] 

 
4. Information security problem applicability to 

DARSIR concept 
 
Authors are looking into implementation of DARSIR 
concept based on RFID technology. Main difference in 
risks of DARSIR concept from simple concepts used 

with RFID technology is that it doesn’t use outer data 
storage sources (files, databases, etc.). It means that 
risks related to outer data sources are less topical for 
DARSIR concept. But because of this feature, risks that 
are directed to RFID tags (resources) are more 
dangerous. Simple scheme of DARSIR implementation 
is a closed system, so the risk of attack from Internet or 
LAN is lowered. 
Previously RFID technology specific attack taxonomy 
was studied. In the beginning previously studied RFID 
technology specific attacks will be reviewed.  
Comments on security of DARSIR concept based on 
RFID technology: 
• Spoofing attacks can be targeted on DARSIR 

resource. DARSIR resource can be replaced with 
fraudulent resource, which creates a breach in the 
system and performs harmful operations on it. A 
fraud using such kind of attack could change 
information in DARSIR based information system 
for some kind of manipulation with it. 

• Insert attacks couldn’t be performed on DARSIR 
system – it is impossible. It is not topical because 
the only resource which could be attacked this way 
is the scanner, but it does not execute any code. 

• Replay attack is possible on DARSIR system and all 
countermeasures should be taken to avoid damage to 
the system. 

• DOS attacks can be used. Some various resources of 
a DARSIR could become unreadable and not 
available for some period of time when such attack 
is performed, making system inoperable for this 
time. 

• Tag data manipulation attacks also could change the 
information in tag making small changes in 
DARSIR system. But danger of such changes 
shouldn’t be underestimated because of size of these 
changes – it can affect DARSIR system greatly if 
man performing this attack is competent enough. 
Therefore, when choosing security methods, this 
kind of attack should be taken into consideration. 

• Middleware attacks can happen in DARSIR system 
and risk of this attack could be lowered if rights are 
properly differentiated between all users. 

• Backend attacks are impossible in DARSIR system, 
because DARSIR does not have backend database – 
it has all the data stored in RFID tags. 

• Blended attacks. This type of attack is possible in 
DARSIR concept. Attacker also needs to be able to 
send information. So he should for example 
establish connection to the Internet via Wi-Fi, which 
increases the risk of identifying attacker by security 
officer. 

• Man in the Middle (MiM) attacks. If objects are not 
protected well enough, DARSIR system can become 
vulnerable, because when fraud has full access to 
system, he can make almost all the things he can 
imagine with it. To avoid this in DARSIR system, 
password system should be implemented to 
minimize or even exclude MiM attack possibility. 
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There are also specific ways of attack that can be done 
using specific work features of DARSIR concept: 
• Attacker tag. All information (attributes and rules) 

are saved locally on resource. If resource is 
insufficiently secured (for example, information is 
not encrypted) then there is possibility to add 
attacker tag, which contains attacker rules into the 
information system. When attacker rules are 
executed, it is possible to gain control for some 
functions of information system, or to acquire 
confidential information. 

• Falsified tag. In resource (RFID tag) attributes that 
describe non-existing resource properties or 
corrupted resource properties can be stored. For 
example, pallet that has attributes describing sizes of 
pallet and its weight. If this information is corrupted, 
it can lead to technical problems when this pallet is 
transported. 

 
5. RFID controls for information security risk 

mitigation 
 
The data located on RFID tags and in the system is 
vulnerable to many sorts of attacks, so proper security 
countermeasures should be taken to avoid breaches 
causing system instability or destruction. We should 
remember that no security method can repel all the 
possible attacks – its objective is to minimize the 
probability of the threat or to minimize the possible 
losses (the impact) of the threat in case it will happen. 
Some of the measures, which are supposed to defend 
the system, are listed below: 
• To prevent the most of simplest attacks on DARSIR 

system, Public Key Infrastructure could be used, so 
that the data located on the tag wouldn’t be open and 
available for frauds. The Public Key Infrastructure 
(PKI) is used to authenticate the handshake between 
the RFID tag and the reader, and RFID middleware 
is used to authenticate the handshake between the 
reader and the network. PKIs are the components 
used to distribute and manage encryption and digital 
signature keys through a centralized service that 
establishes a means of creating third-party trusts 
between users. 

• Every tag should have its unique number so, that it 
could be initialized and so that the DARSIR system 
could check if it is a valid tag (unique number is 
stored in user memory). The unique number, called 
the Electronic Product Code (EPC), is encoded in an 
inexpensive RFID tag. The Electronic Product Code 
is a 96 bit number identifying the EPC version 
number, domains, object classes and individual 
instances [14]. The EPC Network also captures and 
makes available (via Internet and for authorized 
requests) other information pertaining to a given 
item. The EPC Information Service makes EPC 
Network-related data available in Resource Physical 
Mark-Up Language (RPML) format to any 
requesting service. The data available through the 
EPC Information Service includes tag read data 

collected from RFID middleware (e.g., to assist with 
object tracking and tracing serial number 
granularity); instance-level data such as the date of 
manufacture, the expiry date, and so on; and object 
class-level data such as product catalog information. 
When responding to requests, the EPC Information 
Service draws on a variety of data sources that exist 
within an enterprise, translating that data into RPML 
format. When the EPC Information Service data is 
distributed across the supply chain, any industry can 
create an EPC Access Registry to act as a repository 
for EPC Information Service interface descriptions. 
Auto-ID EPC Information Service Specification 1.0 
defines the protocol for accessing the EPC 
Information Service. 

• RFID middleware is software that was designed to 
process the streams of tag or sensor data (event data) 
coming from one or more reader devices. It 
performs the filtering, aggregation, and counting of 
tag data, reducing the volume of data prior to 
sending it to Enterprise Applications. 

• Read and write control could be implemented, so 
that only authorized users with password could write 
information to a system and all others could read it. 
All users also could be divided into some groups 
and all the groups should have different rights. Each 
group should have its list of available functions it 
can use. It would help a lot in managing such a 
system. 

• Password and all the information should be encoded 
in tags to make only valid readers/writers to encode 
and get this information from tags properly. 
Password check will be performed for every object 
(tag/reader), which intends to change something in 
DARSIR system. 

• Access control mechanisms. Some tags implement 
access control mechanisms for their read/write 
memory. Current RFID tags do not protect the 
Unique Identifier. Some tags enforce authentication 
mechanisms before granting read or write access to 
specific memory blocks. Here, either a simple 
password authentication or a unilateral or bilateral 
challenge-response authentication (e.g. ISO 9798-2) 
with symmetric keys is realized in practice [1]. 

• In [15] the tag, which emits only an ‘Anonymous 
EPC’, is proposed. A back-end security centre then 
delivers the clear text Electronic Product Code 
(EPC) over a secure channel to authorized entities. 
In an extended version, the readers can send a re 
anonymizing request to the security centre which 
generates a new ‘Anonymous EPC’. The tag is then 
updated with this ID 

• Tag authentication. There are proposals for 
protocols which authenticate the tag to the reader 
and protect against tag counterfeiting. In work [16] 
several lightweight tag authentication protocols are 
proposed and analyzed. In the work [17] the Simple 
Authentication and Security Layer (SASL) protocol 
is proposed. 
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• In [18] idea called APF (Authentication Processing 
Framework) is proposed as one of the ways to deter 
the growing concerns of unauthorized readers from 
accessing the tag (transponder) which could result 
into the violations of information stored in the tag.  
It is very imperative to protect unauthorized access 
to the tag in order to prevent the violation of privacy 
and confidential information stored in it. 
Authentication Processing Framework is a mutual 
authentication which makes a system that will be 
able to protect unauthorized or malicious readers 
from accessing the information stored in the RFID 
tags. 

Mentioned above security resources aren't enough to 
provide safety for all previously mentioned risks. There 
are two risks that are specific for DARSIR concept: 
attacker tag and falsified tag. Possible directions for 
providing security from these risks are following: 
• Attacker tag. In DARSIR concept resource (RFID 

tag) stores in itself rules that can change 
functionality of information system. So, proper 
system should be developed between resources, 
where information is stored about what functions 
can be done by what resource (RFID tag), and what 
can not. All attempts of executing non-authorized 
functions should be prevented, identified and 
security officer should be notified about these 
attempts. Also it is required to provide possibility of 
authentication in information system for resources. 
It can be done by using previously mentioned means 
like Public Key Infrastructure. 

• Falsified tag. This problem can be solved using at 
least two methods. First method is data encryption 
using standard means. Second method is provided 
information checking.  

 
6. Conclusions, future research and development 

needs in RFID middle-ware security problem 
domain 

 
During the research described in this paper authors have 
identified information security risks that are specific for 
the proposed DARSIR concept: attacker tag and 
falsified tag. 
Authors have studied security methods available to 
counter the security issues described. Described in [18] 
framework could be used to prevent unauthorized 
access to the RFID tag. It is also concluded that existing 
countermeasures described above are not sufficient to 
effectively prevent RFID technology implementations 
form some types of such attacks. 
Additional research on possible technological 
countermeasures and solutions aimed to reduce the 
possibility or impact of these attack types is required 
and is going to be performed by authors in the future. 
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1. Introduction 

 
Analog to Digital Converters (ADC) of measuring 
channels of measurement and control systems should be 
tested in government or departments or metrology 
laboratories [1]. The objectives of this testing is in 
establishing suitability for implementation by 
determination real error of tested converter (or 
measurement channel) and compare it with its 
maximum allowable error [2 ... 6]. Requirements for 
ADC metrology testing is regulated by the system of 
Ukrainian national and international standards [3 ... 6]. 
However, at the present time the number of ADCs 
implemented in different applications, which demand 
metrology testing is much greater than the physical 
possibility of metrology laboratories because of: 

- high complexity of testing procedures; 
- poor accessibility of ADCs for reinstallation; 
- economic efficiency. 

Wide used methods of additive and multiplicative 
components of ADC’s errors correction – null setting 
and calibration [7], could not do not replace metrology 
testing, how it was proposed in [8]. Because [3 ... 6] 
regulate the number of testing points as well as the 
position of each testing points in the range of tested 
ADC. ADC with continuous and continuous conversion 
function (CF) (without steps) demands at least five 
testing points. There are two testing methods provided 
in [2 ... 6]: 

- Comparison, which provide transmitting of the 
same, approximately known value of signal on 
inputs of tested ADC and reference measurement 
device, which have allowable error at least three 
times less than allowable error of tested ADC. In 
this case error of tested ADC could be computed as 

the difference between conversion results of tested 
ADC and reference measurement device. 

- Calibration, which provide transmitting on the input 
of tested ADC the set of reference signals (signal 
which parameters are known with error at least three 
times less than allowable error of tested ADC) and 
compare the conversion results with known values 
of input signals. 

The second testing method requires less equipment and 
usually is easier implemented in automatic systems. 
However, implementation this method for testing, for 
example, the most popular ADC of DC voltage we need 
multi channel voltage reference source. The universal 
precision multichannel reference voltage source [9] is 
complex and expensive device, so the task of 
development a simple tools, which provides ADC 
testing according current standards is actual. This work 
is oriented on development the method and equipment 
for metrology testing ADC with continuous CF, which 
provides testing in the points provided in [4 … 6] and 
use single channel reference voltage source. 

 
2. Requirements to ADC with continuous CF testing  

 
There is necessary provide five testing points 

5...1 XX  for testing ADC with continuous CF [4]. The 
values of these testing points should be following: 

DXX )15,0...1,0(1   , 
DXX )3,0...2,0(2   , 

DXX )6,0...4,0(3   , 
DXX )8,0...7,0(4   , 

DXX )0,1...9,0(5   

, where DX  - range of ADC. Some other standards 

provide approximately the same requirements to testing 
points. For example, [5, 6] provide testing points 

5...2 XX  by the same like [4]. There is changed value 

of testing point DXX )1,0...0,0(1  . 

Besides it according [ 4 … 6] provides testing of ADC 
using five testing points only for the main range of 
ADC. All other ranges could be tested by two ways: 

- using the same five testing points as it was for main 
range; 

- using four testing points: 5,1 XX  and points with 

maximum positive and maximum negative error of 
main range.  
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So the total number of testing points for multi-range 
ADC could be decreased but the testing bench should 
provide the possibility of generation all testing points 
Х1…Х5 for all ranges, because we don’t know in 
advance the points with maximum negative and positive 
error. 

 
3. Approach to ADC’s integral nonlinearity 

identification  
 

There was proposed [10, 11] to generate testing points 
for ADC using voltage divider connected to calibration 

voltage source REFE  (single channel reference voltage 

source). This voltage divider consists of the set of 
serially connected resistors with the same nominal value 
of resistance. The testing point is average value of the 
voltages on all resistors of divider. High testing 
accuracy is provided by averaging of the deviations of 
voltages from nominal value. 
Let the number of resistors of the voltage divider is K , 
in the same time NMK  , where NM ,  – 

positive integer. For example the circuit with 6 resistors 
6...1 RR  and one possible case 632 K  is 

presented on Fig. 1. The voltages on M  serially 
connected resistors are converted to N  codes by the 
way that each resistors only one times was included to 
conversion result. Fig. 1 presents the case 2M  , so 

we have codes of three voltages 31...UU  on the 

following couples of resistors: 2,1 RR  ; 4,3 RR  and 

6,5 RR . Than 3N  . 

Generally each of N  voltages iU  could be presented  

 

Ni
N

E
U Ui

REF
i ,1,  ,  (1) 

 

where Ui  – deviation of voltage from nominal value. 

From the other point of view voltages iU  could be 

computed  
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where Miil RR  )1(,  – real resistance of appropriate 

resistors of voltage divider. 
After placing (2) into (1), simplification and summing 

voltages iU  , we will get 
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Fig. 1. Example of voltage divider for К=3х2=6 
 
The upper equation of (3) presents Kirchhoff voltage 
law, the lower equation show that deviation of the 
resistors 6...1 RR  from the average value doesn’t 

influence on average voltage iU  . So 
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The conversion result of ADC could be presented like 

 

    VS
n

u
S

u
ufC  ,  (5) 

 

where  uf  – conversion function of ADC; nS  – 

nominal sensitivity of ADC;  uS  – systematic 

component of ADC’s error; V  – random component 

of ADC’s error; u  – input voltage of ADC. 

Component  uS  we can present like 

 

   u
U

u
u N

D
MS  0 , (6) 

 

where 0  – additive component of ADC’s error; M  

– multiplicative component of ADC’s error; N  – 

nonlinear component of ADC’s error; DU  – range of 

ADC. 
After null setting and calibration of ADC by reference 
source, which corresponds to the end of the range 
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( DREF UE  ) , we will get the following conversion 

results, according (5) and (6) 
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If we will take into consideration conversion results of 
null setting and calibrations according (7), and if 

 uSV   , the conversion result of ADC (5) can 

be presented by following 
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If we deliver on ADC inputs voltages NiUi ,1,   , 

according (2) then, according (8), we will get the set of 

conversion results NiCi ,1,   , which corresponds the 

dependence 
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When we will take into consideration (3), and also 
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and if CF of ADC is continuous function, then 
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after transformation (9), we get 
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It allow to define nonlinear component of ADC’s error 

in the point 
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After analysis of equation (12) we can make the 
following conclusions: 

- the precision identification of nonlinear component 
of ADC’s error demand null setting and calibration 
procedures; 

- the obtained value of nonlinear component of 

ADC’s error obtained by the proposed way does not 
depend of resistors deviation from the nominal 
value; 

- the number of testing points, which could be 
provided by the proposed method, is defined by the 

number of combinations M  and N  for fixed K  
and this number could be as large as we want. 

The second conclusion gives us the possibility of 
decreasing total error of metrology testing in testing 

point iU  up to the level of error of reference source. 

The third conclusion give the opportunity to confirm the 
requirements of current standards [4…6]. Let consider 
this more in detail. 

 
4. Method of ADC’s testing points choosing 

 
If we will choose the number of resistors in the voltage 
divider K  by the way, that K  is multiple of the set of 

the nonnegative integer values RNN ...1 , then we can 

generate the set of R  voltages 
R

REFREF
N

E
N

E ...
1

 

by choosing the number of serially connected resistors 

RN
K

N
K ...

1
. So if we will choose K , which has 

enough number of denominators we can meet 
requirements of [4 … 6] to the numbers and values of 

testing points. For example if 12K  (voltage 
divider consists of 12 resistors), then we can generate 
six testing points – 

REF
REFREFREFREFREF EEEEEE ,2,3,4,6,12 . 

It corresponds to testing points Х1 , Х2 , Х3 and Х5 
accordingly [5]. 
The main disadvantage of the proposed method of 
testing point generation is that all of them are situated in 
the low half of the range, so it is impossible generate 

testing point DXX )8,0...7,0(4   .  

It is proposed, for removing this disadvantage, to 
choose the reference voltage large than ADC’s range 
and provide generation all testing points by the same 
way. However in this case there is some conflict 
between (1) and (3) because reference voltage could not 
be converted by tested ADC.  
The removing of this conflict is possible by generation 
also testing point X5 by the same way like other testing 
points – by averaging voltages on the set of resistors. In 
this case we need to get five voltages from the divider 

instead four in previous case. These voltages 51...UU  

could be computed like, 
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(13) 

 
It is necessary to choose reference voltage and 

parameters TKMM ,,... 51  by such way that voltages 
51...UU  should corresponds the testing points X1 … 

X5 for providing metrology testing of ADC according 
standards [4…6]. It is necessary to fulfill the following 
requirements in this case: 

- KREF XTE  , where 1T , and T  - rational 

number;  

- KMM ,... 51  non-negative integer.  

The system of equations (13) we can transform into the 
system of mathematical irregularities, which consists of 
five couples of the following irregularities  
 














MAX
ii

MIN
ii

KM
K

T

KM
K

T

,  (14) 

 

where 5,1i  – number of testing point; MIN
iK  and 

MAX
iK  – minimal and maximal value of aspect ratio of 

testing point voltage to the range of tested ADC. 
The T  is defined by the ration of voltage implemented 
reference source to ADC’s range. The solving of 
irregularity system (14) relative to K  and 

5,1, iM i  define the configuration of voltage 

divider and multiplexer. We can simplify the testing 
bench when choose null setting channel for testing point 
X1. It is equal to reducing dimension of system of 

equations (13) down to four, and choosing 01 M  in 

the system of irregularities (14). 
 

5. Implementation of the proposed testing method  
 

The circuit of the testing bench, which implements the 
proposed testing method, is presented on Fig. 2. It 

consists of reference voltage source REFE , K  resistors 

of voltage divider RkR ...1  and  12  K  switches 

– kSPSP ...0  and kSNSN ...0 , which switch positive 

and negative inputs of tested ADC. All switches should 
have independent access and in the same time only one 
switch of SPХ and only one switch of SNХ can be turned 
on. This construction of multiplexer provides its control 
by two decoders with  1K  outputs, does not demand 

redundant switches and provides generating bipolar 
output signals. 
 
 

R1

R2

Rk-1

Rk

Eref

SP0 

SN0 

SP1

SP2

SPk-2 

SN1

SN2

SPk-1

SPk 

SNk-2 

SNk-1 

SNk

ADC 
under test 

 
 

Fig. 2. Circuit of test bench with K-resistors voltage 
divider 
 
Let consider some possible circuits of metrology testing 
ADC AD7714 of Analog Devices [12] implementing 
the proposed method. The main range of this ADC is 
2,5 V. The results of solving (14) for metrology testing 
AD7714 are presented in Table 1. It is necessary 
generate five testing points – strings X1 … X5 with 
value between minimal and maximal values indicated in 
the columns Хmin and Xmax. The results are presented 
for three reference sources with output voltages 7.133 V 
(based on Weston cells X485 [13]), 7.5 V (based on 
integrated voltage source AD584 [14]) and 10 V (based 
on integrated precision voltage source AD783 [15]). 
The voltage of reference source is in columns Eref. The 
number of resistors of the divider is indicated in the 
column K. The switching of M serially connected 
resistors provides generation testing point indicated in 
column U. Implementation of this testing point demands 
N analog to digital conversion, with processing results. 
As we can see the chose parameters of reference source 
and voltage divider provides metrology testing main 
range of AD7714 in the testing points according the 
requirements of actual standards. 
The presented results regards to the upper range – 2.5 V 
of AD7714. Generally this ADC has seven sub-ranges. 
The voltage of these sub-ranges and values of testing 
points are presented in Table 2. Taking into 
consideration that ratio of each upper sub-range to 
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lower sub-range is two and required coefficients of 
testing point in [5, 6] some testing points could be used 
for several sub-ranges. For example, testing point X5 of 
sub-range 0.01953125 can be used as testing point X3 
on sub-range 0.0390625 and X2 on sub-range 0.78125, 
any testing point X1 sub-range 0.01953125 can be used 

on all other sub-ranges. The analysis of limits of all 
testing points show that it is enough only 19 testing 
point for metrology testing AD7714 on all sub-ranges 
according [5, 6]. The limits of these testing points and 
parameters of testing bench are presented on Table 3.  

 
Table 1. Parameters of ADC testing circuit according [5, 6]  

 

T Xmin Xmax Eref N U K M Eref N U K M Eref N U K M
X1 0 0.25 7.133 36 0 12 0 7.5 36 0 12 0 10 40 0 20 0
X2 0.5 0.75 7.133 12 0.594 12 1 7.5 12 0.625 12 1 10 20 0.5 20 1
X3 1 1.5 7.133 6 1.189 12 2 7.5 6 1.25 12 2 10 10 1 20 2
X4 1.75 2 7.133 4 1.783 12 3 7.5 4 1.875 12 3 10 5 2 20 4
X5 2.25 2.5 7.133 3 2.378 12 4 7.5 3 2.5 12 4 10 4 2.5 20 5  

 
Table 2. Testing points of AD7714 for all sub-ranges 

 

Range 2,5 1,25 0,625 0,3125 0,15625 0,078125 0,0390625 0,01953125
X1min 0 0 0 0 0 0 0 0
X1max 0,25 0,125 0,0625 0,03125 0,015625 0,007813 0,00390625 0,001953125
X2min 0,5 0,25 0,125 0,0625 0,03125 0,015625 0,0078125 0,00390625
X2max 0,75 0,375 0,1875 0,09375 0,046875 0,023438 0,01171875 0,005859375
X3min 1 0,5 0,25 0,125 0,0625 0,03125 0,015625 0,0078125
X3max 1,5 0,75 0,375 0,1875 0,09375 0,046875 0,0234375 0,01171875
X4min 1,75 0,875 0,4375 0,21875 0,109375 0,054688 0,02734375 0,013671875
X4max 2 1 0,5 0,25 0,125 0,0625 0,03125 0,015625
X5min 2,25 1,125 0,5625 0,28125 0,140625 0,070313 0,03515625 0,017578125
X5max 2,5 1,25 0,625 0,3125 0,15625 0,078125 0,0390625 0,01953125  

 
Table 3. Parameters of testing bench for metrology testing of AD7714 

 

N Xmin Xmax Eref N U K M Eref N U K M
1 0 0,001953 10 0 0 7 0 0
2 0,003906 0,005859 10 2560 0,0039063 2560 1 7 1200 0,0058333 2400 2
3 0,007813 0,011719 10 1280 0,0078125 2560 2 7 600 0,0116667 2400 4
4 0,013672 0,015625 10 640 0,015625 2560 4 7 480 0,0145833 2400 5
5 0,017578 0,019531 10 512 0,0195313 2560 5 7 400 0,0175 2400 6
6 0,027344 0,03125 10 320 0,03125 2560 8 7 240 0,0291667 2400 10
7 0,035156 0,039063 10 256 0,0390625 2560 10 7 200 0,035 2400 12
8 0,054688 0,0625 10 160 0,0625 2560 16 7 120 0,0583333 2400 20
9 0,070313 0,078125 10 128 0,078125 2560 20 7 100 0,07 2400 24

10 0,109375 0,125 10 80 0,125 2560 32 7 60 0,1166667 2400 40
11 0,140625 0,15625 10 64 0,15625 2560 40 7 48 0,1458333 2400 50
12 0,21875 0,25 10 40 0,25 2560 64 7 30 0,2333333 2400 80
13 0,28125 0,3125 10 32 0,3125 2560 80 7 24 0,2916667 2400 100
14 0,4375 0,5 10 20 0,5 2560 128 7 16 0,4375 2400 150
15 0,5625 0,625 10 16 0,625 2560 160 7 12 0,5833333 2400 200
16 0,875 1 10 10 1 2560 256 7 8 0,875 2400 300
17 1,125 1,25 10 8 1,25 2560 320 7 6 1,1666667 2400 400
18 1,75 2 10 5 2 2560 512 7 4 1,75 2400 600
19 2,25 2,5 10 4 2,5 2560 640 7 3 2,3333333 2400 800  

 

The number of resistors of voltage divider for 
metrology testing of AD7714 on all sub-ranges is 2400 
for reference source 7 V and 2560 for reference source 
10 B. Besides voltage divider testing bench demands 
two multiplexers with number of channels one more 
than number of resistors and controller for these 
multiplexers. Therefore taking into consideration the 
complexity of this testing bench it could be 
implemented only using integrating technology. 

 
6. Conclusions  

 
There is proposed method of metrology testing ADC 

with continuous conversion function, which provide 
testing according requirements of Ukrainian standards 
[5, 6] using single channel reference source. It 
significantly decreases the potential expenditure for 
testing bench. The testing error is defined by error of 

reference source REFE , error of multiplexers, which 

provides connection tested ADC to test bench, and 
tested ADC noise. This testing error could be decreased 
so the proposed method has large potential application 
area. However the detail analysis of testing error is 
complex task [16] it is not the objectives of this paper. 
The proposed testing method could be implemented 
using discrete components for single or few sub-ranges 
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ADC. Testing of multi sub-ranges ADC demands 
implementation of multi-resistance voltage divider and 
multiplexers, which has regular structure, using 
technology of integration circuit. It could be 
implemented with middle integration density IC. 7.  
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Abstract: Accurate data acquisition and preprocessing 
is an important part of classification process at any time, 
not least under low signal noise ratio. During the 
acquisition of biological signals an overlapping of 
several signals from different sources can be observed 
typically. In this paper a method will be shown, which 
includes raw data acquisition by a sensor array, single 
source separation by the use of a recursive Independent 
Component Analysis approach and controlling of a 
robotic system. The different hard- and software 
modules to solve the complete task will be presented. 

 
Keywords: ICA, data acquisition, robotic systems, 
signal processing, biological 

 
1. Introduction 

 
Signal extraction is subdue to the hazard of undesired 
noise overlapping, every time. According to the 
subjects, new methods have to be developed to solve 
the task of signal extraction in almost every noise 
environment. This is essential for mobile applications. 
In this paper a method for data acquisition will be 
shown, which can be applied to measure parameter for 
the estimation of the health status of a human. By the 
health status parameter it is possible to take corrective 
action in a mobile or robotic system driven or controlled 
by the human. In the special case of this paper we are 
measuring the heart sounds by a microphone array and 
stop the vehicle or robot if the parameter becomes out 
of a well defined range, like Figure 1 shows. Electrets 
microphones with internal 1Hz to 2000Hz band pass 
filter and amplifier were used to acquire the sounds. 
The improvement against the use of electrocardiogram 
is the fact that we can classify heart diseases also in the 
case of missing electrical activity of the heart and we 
can expand our system to an automatic auscultation 
device in future works.  
In our approach we are using the method of 
independent component analysis (ICA) to solve the 

signal extraction task. Therefore a modified recursive 
approach of ICA, the RA-ICA [1] will be used. 

 

 
 

Fig. 1. Scheme of operation principle 
 

2. ICA 
 

The Independent Component Analysis is a 
computational method for separating statistical 
dependent datasets into statistical independent ones. In 
special cases, discussed in the following, the ICA can 

RA-ICA 

classification 

Microphone 
signals 

robot/vehicle 

human 
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solve the problem of blind source separation (BSS). The 
problem of BSS consists of recovering a set of 
unobservable source signals from observed mixtures of 
the sources. [1,2,3] 
As a difference to correlation based algorithm like 
principal component analysis (PCA) the ICA uses 
higher order statistical moments like the kurtosis [2].  
The modified recursive ICA algorithm we are using is 
based on the FASTICA-Algorithm [3]. With a given 
multidimensional vector x, ICA means a transformation 
into a defined transformation space so that the 
components are as statistical independent between each 
other as possible. This is called Minimal Mutual 
Information and is one of the broadest definitions of the 
ICA. 
A special case will be found, if the vector x is a result of 
an invertible transformation of a random variable. In 
this case the ICA can solve the problem of blind source 
separation. 
Mathematically, the observed random x � CM vector is 
assumed to be generated according to the instantaneous 
linear mixing model 

 

,nsAx       (1) 

 
where the source vector s = [s1, s2,…,sN] � CN is made 
of unknown mutually independent components. The 
mixing matrix A � CMxN is also unknown. The noise 
vector n is only assumed to be independent of the 
sources. A-1=W should be defined for further 
explanations, with W is the unmixing matrix. 
The FastICA [3,4,5,7,8] algorithm is perhaps the most 
popular method for ICA, due to its simplicity, 
convergence speed and satisfactory results in numerous 
applications. The one source separating algorithm with 
cubic or hyperbolic-tangency nonlinearity, related to the 
optimization of the kurtosis contrast under 
prewhitening, offers global convergence if the ICA 
model is fulfilled and the sample size tends to infinity 
[3,5,7,8]. In our study we are assuming that there is 
only one source, the heart sound and all other sources 
are defined as noise. That means, that only one source 
should be evaluated. 

 
2.1. Recursive ICA approach 

 
The used recursive ICA approach which was first 
introduced in [1], uses a fixed point algorithm for ICA. 
The algorithm is a pseudo online or batch processing 
method, where a fixed number of before collected 
sample (block) of data were calculated at once.  
As an initial value of unmixing matrix W a simple 
prediction of W by using former calculated results of W 
is done. Thereby it can be assumed that the initial value 
of W is well chosen for convergence.  
Therefore the Newton–Raphson method, which is well 
known for rapid convergence if the initial value is well 
chosen, can be used for the calculations.  
After using the central limit theorem nongaussianity is 
an indication of independence. As a measure of 
nongaussianity the negentropy J(z) will be used. It is a 

fast approach by approximating the negentropy which is 
proportional 

 

,)}]({)}({[)( 2GEzGEzJ   (2) 

 
with vector z as whitened observed data,   as a 
Gaussian variable of zero mean and unity variance, G a 
nonquadratic contrast function [3,5] and E as the 
Eigenmatrix. 
Therefore we are using a simple prediction method of 
the weighted moving average (WMA) [9]. The WMA 
of the unmixing matrix WWMA can be calculated by 
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   (3) 

with ru the factor of Value W(t-(u-1)). This WMA will 
be calculated after each processed block t and by 
calculating. 
 

,oldWMApred WWW     (4) 

 
where Wpred is the prediction of the mixing matrix W, 
Wold the processed W of the former block and   a 
weighting factor 0≤ ≤1, we are getting a predicted 
value of W. We are using the results of the last five 
blocks (n=5), this is an empirical tested value. 
 
 
The RA-ICA algorithm can be defined in the following 
way: 
 
1. Wpred = initial guess of W, go to step 3 
 

2. Calculate ,oldWMApred WWW   

 
3. W=Wpred 
 
4. Let W+ = E{ZG(WTZ)}-E{G´(WTZ)}W, where G 
[1,3,5]  is a defined contrast function and Z a matrix of 
observed data 
 
5. Let Wnorm  W+/||W+||. 
 
6. Check if converged, ||Wnorm - Wold||<epsilon 
 
7. If not converged, W=Wnorm go back to step 4. 
 
5. Check if solution is the right source (downstream 
classification feedback) if not go back to step 1. 
 
6. Take the next data block and the resulting Wold, go 
back to 2.  
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Fig. 2. Scheme of RA-ICA operation principle 
 

The functionality and processing speed of the algorithm 
was shown in by Trommer [1] considering to comparing 
methods of calculating the signal mean square error 
[7,8]. 

 
2.2. Problem of correct ordering of the source 
signals 

 
It is well known that the ICA has some disadvantages. 
For example ICA cannot identify  
 
- the number of source signals,  

 
- a correct ordering of the source signals and 
 
- the proper scaling of the source signals. 
 
These facts are due to the approximately character of 
the mathematical approach [2,3,4,5]. 
The unknown number and scaling are unimportant for a 
downstream classification algorithm but the fact of the 
unknown order of the sources is disadvantageous. 
Therefore the RA-ICA algorithm uses a prediction of 
W. In assumption of that the mixing of the sources will 
change in real environments slowly. RA-ICA is able to 
diagnose the correct order of the source signals. 
In the case of our study we have only one source signal 
which should be evaluated, the heart sound. Assuming 
that a simple feature search or 2 class classification 
algorithm can be used to find the right source which is 
under investigation. 
Combining the last two facts we are able to transfer a 
heart signal to a downstream classification algorithm 

and the disadvantage of unknown ordering can be 
unattended. 

 
3. ADUC 7026 

 
As assumed in chapter 2 it is necessary to acquire the 
analogue data in parallel mode. With this the ICA is 
able to solve the task of blind source separation. It is 
well known, that heart sounds can be found in range of 
10 to 1000Hz [9, 10]. Therefore sampling rates of more 
than 2000 sample per second (SPS) are the requirement 
of each analogue digital channel. To parallelize 
analogue data acquisition we are using the ADUC 7026 
from Analog Devices. This fully integrated, 1 MegaSPS, 
12-bit data acquisition system incorporates high 
performance multichannel Analogue Digital Converter 
(ADC) and 16-bit/32-bit Micro controlling unit (MCU) 
including flash on a single chip [11]. 
By using the 12 bit ADC in single ended mode the 
maximum sampling rate can be defined by the  
 

- users controlled ADC clock speed and 
 

- the number of acquisition clocks  
 
in the related memory register.  
In our case the number of acquisition clocks is eight. 
The number of extra clocks, such as bit trial or write, is set 
to 19, which gives a sampling rate of 774 kSPS. 
Up to 12 channels we are able to acquire multiple heart 
sound signals in parallel mode. As a prototype we are using 
the ADUC-P7026 development board from OLIMEX [12]. 
The implemented acquisition algorithm uses the fast 
interrupt system of the ADUC 7026 and sends the 
converted data block wise via serial port to a host 
computer. 

 
4. Results 

 
We show the functionality of the signal acquisition by 
acquiring heart sound with a microphone array and 
extract them by the help of RA-ICA. 
In figure 3 a plot of an observed microphone signal can 
be seen. The peaks of the heart sound could be seen 
easily but there is a lot of noise overlapping the signal. 
 

 

Fig. 3. Plot of observed microphone signal 
 
In figure 4 and 5 the estimated sources can be seen. 
After feedback of the downstream classification 
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algorithm the heart sound will be first separated per 
iteration [1]. Therefore we are able to transfer a heart 
sound signal with a high signal noise ratio. 
 

 
Fig. 4. Plot of estimated source signal number 1 
 

 
Fig. 5. Plot of estimated source signal number 2 

 
After the functionality of the signal extraction and data 
acquisition part was shown, we try to adapt a Support  
Vector Machine algorithm [13] to classify heart sounds. 
As features we are using in the heart rate and the heart 
rate variability. The first results show the ability of the 
system to detect heart attacks and to stop a robot or 
vehicle in such cases of heart diseases. 

 
5. Future research 

 
In the future research the number of features for the 
classification should be expanded. Also an 
implementation on a mobile device is necessary for 
further research in real environments like vehicles. 
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Abstract: The goal of the radiation therapy is to give as 
much dose as possible to the target volume and avoid 
giving any dose at all to a normal tissue. Despite the 
advances of the computer-based control current 
technology does not allow to compensate respiratory 
movement. It considerably restricts effectiveness of 
such treatment the case of lung cancer. 
In this paper we present a work in progress, a timed 
model of radiation treatment system developed to 
analyze a potential set up for a system that compensates 
respiratory motion. We model the system with Uppaal, a 
tool for modeling, validation and verification of real-
time systems modeled as networks of timed automata, 
extended with data types (bounded integers, arrays, 
etc.). The model is used to validate understanding of the 
model and selected scenarios. 

 
Keywords: formal methods, verification, medical 
systems, simulation 

 
1. Introduction 

 
The goal of the radiation therapy is to give as much 
dose as possible to the target volume of tissue and avoid 
giving any dose to a normal tissue. Advances of the 
computer-based control allow planning and performing 
accurate plans and treatments, however motion 
compensation during treatment remains a considerable 
problem. Different techniques to cope with such 
problem are discussed in [1]. Gating combined with 
external surrogates is overviewed in [2]. Other research 
models try predicting movement of the tumor, e.g. [3-5]. 
We, on the other hand, are interested in modeling 
hardware and software that should move precisely and 
fast to compensate respiratory movement. We use 
formal methods, because they provide means for 
rigorous modeling and analysis of diverse systems. 
Main reasons of the formal methods popularity are the 
following: formal modeling languages allow defining 
systems, including non deterministic behavior, 
unambiguously, and that allows applying rigorous 

reasoning about models, e.g. model checking, theorem 
proving and other specifically designed algorithms. 
Quite a few techniques and tools were defined over the 
years, e.g. process algebras [5-10], timed automaton 
[11] and related Uppaal tool [12], hybrid automaton 
[13], see [14] for a wider overview. Successful 
application of formal techniques is reported in different 
areas, e.g. automotive [15], electronics [16], industrial 
devices control [17] and other. 
In this paper we apply Uppaal tool [12] for the design 
and analysis of a radiation therapy system consisting of 
a HexaPOD couch with 6-degrees movement, a tracking 
camera, a marker (markers) and a controller. Uppaal is 
an integrated tool environment for modeling, validation 
and verification of real-time systems modeled as 
networks of timed automata, extended with data types 
and other convenient constructions [12]. We extend 
model presented in [18] with time constraints and timed 
trajectories, and analyze selected properties of the 
systems. 
In the second section we provide a description of the 
radiation treatment system. Then we introduce timed 
automaton and Uppaal and in the third section. In the 
fourth section we present and discuss an Uppaal model 
of the radiation treatment system and check some of its 
properties, and its applicability to further analysis. 
Future plans and conclusions close the paper. 

 
2. Radiation Treatment System 

 
There exists a plenitude of diverse radiation treatment 
systems, e.g. see [1]. We analyze a particular setup, 
depicted in Fig. 1, consists of the following 
components: 
 Patient Setup Couch is used to position patient for 
the treatment, in our case the HexaPOD couch [19-20] 
 External Radiation Beam Source usually produced 
by a medical linear accelerator, in short, linac. We omit 
it, because we analyze behavior of the couch and the 
controller only. 
 Tracking Device provides information about the 
position of the patient. Different means and techniques 
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can be used to perform it, see [1] for the details. Our 
model a system is with a stereo camera, we omit it in 
this paper. 
 Controller is a system that controls the treatment 
process, in our case the controller uses information 
provided by the treatment plan and the HexaPOD 
response to control it. 

 

 
 

Fig. 1. Radiation Treatment System 
 

3. Uppaal 
 

 
 

Fig. 2. Timed automaton 
 
Timed automaton [11] is a well know formalism for the 
modeling and analysis of sophisticated systems. We use 
timed automata based tool Uppaal [12], and therefore 
present a versions of timed automata adopted (and 
extended) in Uppaal. 
Definition 1. Let , , , …  be a set of clocks and 

 be the set of clock restrictions of the form 
,   |  |  with , ,
  , , , , . 

Definition 2. We will call timed automaton a finite 
directed graph over  and  
 
  , , , ,   (1) 
 
where  is a finite set of locations;  is the initial 
location;  is a finite set of action names and 

2  is a finite set of edges, :  
assigns invariants to locations. 

We will write 
, ,   instead of , , , , ’   . For 

such an edge,  is called the source location of the state, 
 is the guard,  is the action,  is the set of clocks to be 

reset and  is the target location. Timed automata can 

be represented as in Fig. 2. Locations are drawn as 
nodes in the graph, and the initial location is usually 
marked with a double circle. 
Definition 3. Let , , , ,  be a timed 
automaton over . We define the timed transition 

system generated by  as , ,   where: 

  is a set of states , , where  
is a location of the timed automaton and  is a clock 
valuation satisfying the invariant of ; 
  is the set of labels; 
 Two types of transitions are defined: 

o Action transitions , ,  such that 

exists an edge 
, , ,

 where  satisfies ,  
satisfies  and  satisfy  , 

o Delay transitions , ,  if 
0,  satisfies . 

Let  denote the valuation with 0 for all 
. If it satisfies the invariant of the initial location, 

we will call ,  the initial state of . 
In Uppaal, timed automata are composed into a 
network, consisting of  timed automata 

, , , ,  , i 1. . . n. Let , . . . ,  be a 
location of the network, then invariants are composed 
using conjunction . 
Definition 4. Let , , , , ,  , i 1. . . n 
be a network of  timed automata. Let , … ,  
be the initial location vector. The semantics is defined 
as a transition system , , , where 

…  is the set of states, ,   is 
the initial state and transition relation combines 3 
transitions types: 

 time flow transitions , , , if 
0,   holds  ; 
 discrete transitions 

o synchronized … , , … , , … , ,

… , , … , , … , ,  if ,
!, ,

,
?, ,

,

,   and 

, , 
o asynchronous 

… , , … , , … , , … , ,  if 
, ,

, ,   and  

. 
Uppaal is based on the theory of timed automata; 
however it’s modeling language offers additional 
features such as bounded integer variables, urgency, and 
more [12]. Properties to be verified are specified using a 
subset of CTL (computation tree logic) [21]: 
 A[] p: invariant - property p always holds in all 
paths; 
 A<> p: eventually - property p holds in all paths at 
some moment; 
 E<> p: possibly - property p eventually holds at 
some state, at least in one path; 
 E[] p: potentially always - property p eventually 
holds from some state, at least in one path; 
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 p-> q: leads to - whenever p holds eventually q will 
hold as well; 
 deadlock: true, if deadlock is reachable; 
 P.state p: property p holds in the selected state. 

 
4. Timed Model of the Radiation Treatment System 

 
We present a work in progress, a simplified version of 
the radiation treatment system defined in Sect. 2. We 
extend model presented in [18] with timing aspects. The 
model is used to explore HexaPOD behavior, therefore 
we ignore the Tracker and the model consists of the 
following components: 
 Controller sends commands to HexaPOD based on 
its state, a treatment plan (in this case, trajectory) and 
the input from the tracking system, i.e. stereo camera1; 
 HexaPOD moves according to its physical 
limitations and the commands sent from the Controller 
via the HexaPOD Buffer that models asynchronous 
communication and latency between the controller and 
the HexaPOD. 
 
4.1. HexaPOD and HexaPOD Buffer 

 

 
 

Fig. 3. HexaPOD 
 
An Uppaal model of the HexaPOD is depicted in Fig. 3. 
We model it as a one point-device with a discrete 
movement in three - x, y and z directions. We abstract 
from the acceleration and rotation. Such a simplified 
model still allows investigating an impact of the latency 
and the general design of HexaPOD control. The 
automaton consists of three locations: 
1. Idle: HexaPOD waits for a command move_to. 
With this action it receives a target, and changes to 
Move location. 
2. Move: HexaPOD stepwise moves towards the 
target, taking steps in the predefined direction of the 
predefined length at a constant speed. After each step it 
checks for a new target, and updates the current one, if 
necessary. When the target is reached, it changes to 
TargetReached location. 
3. TargetReached is a committed location (a special 
type of location, which should be left at the next step), 
which is used for diagnostic reasons, see Sect.  
HexaPODBuffer models asynchronous communication 
and latency. It consists of three locations. Empty 
location denotes an empty buffer; it idles until the 
move_to Command from the Controller and then 
changes to Latency location. Latency location is used 
to model delays in the system, i.e. after receiving the 

                                                           
1 We ignore the tracking device in this paper. 

new target the buffer delays before making it available 
to the HexaPOD. However, the new target can be 
provided to the buffer anytime. Ready location denotes 
readiness of the buffer: the target can be acquired by the 
HexaPOD using get_move action. 

 

 
 

Fig. 4. HexaPOD Buffer 
 
4.2. Controller 

 

 
 

Fig. 5. Controller 
 
The controller just commands to the HexaPOD. It 
consists of three locations: Start, Move and Finished, 
where the first and the third denote the beginning and 
the end of control, correspondingly. In the Move 
location, the system sends control inputs at the defined 
time moments, all provided by an array. 
 
4.3 Queries 
 
We use the following queries to generate diagnostic 
traces as well as to validate the model. 
1. E<> Controller.Finished, A<> Controller.Fini-
shed checks, can Controller send all control commands. 
The first one shows existence at least one path that leads 
to the Finished state of the Controller, while the last 
proves that in all paths eventually such state is reached. 
2. A<> Controller.Finished and Controller.step == 
Controller.STEPS-1 – if Controller is in the state 
Finished then it has sent all the commands. 
3. E<> HexaPOD.TargetReached and HexaPOD. 
current_pos == Controller.path[Controller.STEPS-
1].pos – HexaPOD has reached the target and it 
coincides with the defined target. 
4. A<> HexaPOD.TargetReached and HexaPOD. 
current_pos == Controller.path[Controller.STEPS-
1].pos – HexaPOD in all paths eventually reaches the 
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target position, and it arrives at a proper position as 
well. 
Provided queries allows validating consistency of the 
systems and producing diagnostic traces, that can be 
compared with expected traces and behavioral 
properties of the HexaPOD estimated. 

 
5. Conclusions 

 
We have presented a work in progress – a timed Uppaal 
model of the radiation treatment system. The model can 
be used to analyze functional properties of the 
HexaPOD and estimate requirements for couch that 
would be able to follow required, e.g. breathing cycle, 
trajectories. It shows limitations of the approach as well: 
trajectories can be only approximated, time scales are to 
different, distances modeling precision is insufficient. 
Our future plans include 
1. Extensions of the Uppaal model: 

i. model of HexaPOD with rotation, acceleration 
and more precise velocity; 

ii. model of the targeting component; 
iii. implementation of the different control 

approaches. 
2. Continuous model of the HexaPOD, that would 
allow increase the precision of the timed model and 
would generate discrete control and testing paths for it. 
3. Formal hybrid model, using Behavioral Hybrid 
Process Calculus [8, 9] or a semi-formal control model 
in OpenModelica [22]. 
4. Combination of the real respiratory movement 
trajectories and (formal) model to investigate the 
systems’ adequacy to compensate it. 
Acknowledgements. We thank Kaiyu Wan, D. Hughes 
and K. Lee for the collaboration on the preliminary 
model [18]. 
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Abstract: Estimating arithmetic is a design paradigm for 
DSP hardware. By allowing structurally incomplete 
arithmetic circuits to occasionally perform imprecise 
calculations, higher performance can be achieved in 
many different electronic systems. This paper presents a 
potential useful approach to implement tree multipliers 
by using estimating arithmetic. Experimental results 
show the applicability and effectiveness of the proposed 
approach. 
 
Keywords: computer arithmetic, estimating arithmetic, 
compressors, multipliers 

 
1. Introduction 

 
Real-world signals can be mathematically represented 
as analog signals. Since the basic radio communication 
and transceivers were invented at the beginning of the 
20th century, a set of problems in analog communication 
systems has arisen. The primary disadvantage of Analog 
Signal Processing (ASP) is that any communication 
system has random unwanted variation. Armed with 
high reliability, accuracy, flexibility, and increased 
immunity-to-noise, Digital Signal Processing (DSP) has 
become one of the most attractive topics in 
semiconductor industry in the past 30 years. According 
to [1], the global market share of DSP processors and 
microcontrollers is more than 95% of the total volume 
of processors sold.  
Multipliers are usually deemed as a critical component 
in digital signal processor design since a large number 
of multiplications are required in DSP applications [2]. 
It is not hard to understand that accurate multiplication 
operation is always complicated and might lead to huge 
delay. Contemporary high-performance DSP core 
usually takes more than one cycle to perform a fixed-
point multiply-accumulate instruction. Also, it takes 
even more cycles to perform a simple division or 
floating-point instruction. However, so far we know, 

signals in multimedia system processing are usually 
tolerant of occasional errors. Estimating methods 
provide possible opportunities to achieve higher 
performance by using simplified approximate circuits. 
Previous work has shown that computing performance 
of electronic systems can be improved by using 
estimating methods. Occasional errors in the 
intermediate calculations do not seriously affect the 
final computation results [3,4,7]. In this paper, we 
present an effective approach to implement tree 
multipliers by using estimating arithmetic.  
The paper is organized as follows. The next section 
discusses related work. In Section 3, an overview of the 
general estimation methods is presented. Section 4 
presents common approximate compressor design and 
its general performance. Section 5 presents our 
proposed multiplier design based on approximate 
compressors along with experimental results. Finally, 
concluding remarks are given in Section 6 and direction 
of future work is given. 

 
2. Related work 

 
Lu’s adder [3] was the first prototype of estimating 
arithmetic hardware that could be used in a variety of 
ways. Compared to an exact adder, the 32×32 bit 
parallel approximate adder with 4-bit carry chain is 
faster at the cost of slight accuracy reduction. The 
simulation results show that close to 90% of the 
addition is correct when the input data are from real 
applications. 
Several (4:2) counters: “saturating” and “reflecting” are 
introduced in Low Density Parity Check (LDPC) 
decoder design [4]. The decoders using saturating and 
reflecting counters in the check nodes can achieve even 
better decoding performance than the exact ones. 
However, all the above-mentioned approximate circuits 
have not been applied to implement complex arithmetic 
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hardware, e.g., tree multipliers, to achieve higher 
performance in computation. 

 
3. Delay estimation methods 

 
3.1. Logical effort delay model 
 
Logical effort, which normalizes delay relative to the 
characteristic of unit inverters, is an easy-to-use method 
for CMOS circuit delay estimations. The major 
concepts to be considered while using logical effort are: 
Parasitic delay (p): When a gate drives zero load, the 
delay of the gate is called parasitic delay. It is the ratio 
of diffusion capacitance to gate capacitance of a unit 
inverter. 
Logical effort (g): It is defined as the ratio of the input 
capacitance of the gate to the input capacitance of an 
inverter that can drive the same output current. 
Electrical effort (h): It is the quotient of the output 
capacitance divided by the input capacitance. 
Branching effort (b): When a logic gate drives some 
inputs of next logic gates, some of the drive current is 
available along the path and some is off along the path. 
The branching can be expressed by Equation (1). 
 
 b = (Con-path +Coff-path) / Con-path ,   (1) 

 
where Con-path is the capacitance of connections that 
leads the path “on” and Coff-path is the capacitance of 
connections that leads the path “off”. Equation (2) 
models the delay (d) through a single logic gate: 
 
 d = g·h+p.   (2) 
 
In a multistage logic network (paths in a network are 
indexed by i, j, k …), the total path effort is: 
 
 F = G·B·H    

= ∏gi·bi·hi ,                          (3) 
 
where G denotes the total path logical effort, 
B denotes the total path branching effort, 
H denotes the total path electrical effort.  
Once the total path effort is determined, the ideal 
number of CMOS circuit stages (N) can be calculated 
with Equation (4). 
 

 N = round(logρ F).   (4) 

 

ρ is usually called the best stage effort. It is a constant 

that shows the number of CMOS stages required in a 

least-delay path. The value of ρ is based on the 

characteristic of unit inverter. In this paper, ρis set at the 
nominal value of 4. The stage effort (a) can be 
calculated with Equation (5) and the total delay (D) is 
defined by Equation (6). 
 

 α  = F 1/N   (5) 

 D = N·α +∑ p   (6) 

 
3.2. Simplified logical effort delay calculation 
 
Before introducing the simplified way of delay 
calcutation, we first explain a new terminology known 
as effort load. The branching effort at one gate on the 
critical path can be rewritten using Equation (7) where 
loadi is the effort load which represents the capacitance 
on node i and gi denotes the logical effort of the 
subsequent node.  
 

 bi  = loadi/gi+1   (7) 

 
In an adder or multiplier design, the path electrical 
effort (H) is usually set at 1 since the module is 
connected to a copy of itself [5]. In this case, 
bN=load0/g1. Then Equation (3) can be rewritten as 
Equation  (8). 
 

F = G·B·1= ∏ gi·bi 

    = g1·bN ·∏ loadj       

= g1·load0·∏ loadj/g1  

= ∏ loadk , 

where 1≤i≤N,1≤j≤N-1, 0≤k≤N-1.                     (8) 
          
The delay of interconnection is roughly proportional to 
the length of wires. For a wire across M x-grid, the wire 
delay (Dwire) is usually approximated to M/20 of the unit 
inverter delay (Dinv) as shown in Equation (9). 
 
 Dwire = ( M·Dinv) /20   (9) 
 

4. Compressor design 
 
4.1. Approximate compressors 
 
Approximate compressors using typical delay 
estimation methods as presented in Section 3 are the 
fundamental units in complex arithmetic hardware. 
Accurate modules are the circuits that can perform the 
full arithmetic operation while approximate modules are 
the ones performing rough calculations. In this paper, 
according to the accuracy, the approximate compressors 
can be divided into three categories: 
High-accuracy compressors (HAC): 90% < accuracy 
≤ 100%. 
Medium-accuracy compressors (MAC): 70%< 
accuracy ≤ 90%. 
Low-accuracy compressors (LAC):  accuracy ≤ 70%. 
Normally, a (n:m) compressor has n input bits and m 
output bits. In the conventional compressor design, the 
number of input and output bits is related as below: 
 
 m ≥ log2(n+1), where m, n≥0.   (10) 
 
In order to obtain accurate results, the output bit should 
be equal to or greater than log2(n+1). However, it is 
worth mentioning that increasing output bits will 
decrease the efficiency of multiplication since more 
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calculation stages will be required in the partial product 
reductions. The output bit of an ideal accurate multiplier 
can be expressed as follows: 
 

if  log2(n+1) is integer   (11) 
m = log2(n+1) 

else m=round(log2(n+1))+1. 
 

For (4:2) compressors using approximate modules, the 
following holds:  
 

m < log2(n+1).                               (12) 
 

4.2. Design and evaluation of HAC1 
 

A (4:2) compressor has four inputs and thus it has 24 
different input values. When the total number of tests is 
equal to the total number of input values, there is only 
one case that the accuracy lies in the high-accuracy 
level, i.e. all inputs are set to logic 1. 
For illustration purpose in this paper, below shows one 
possible High-Accuracy Compressor (HAC), which 
gives the sum of 1+1+1+1 as 2 (decimal). Table 1 
shows its Karnaugh Map. In order to distinguish it from 
other HAC types, we call it HAC1 in this paper.  
 
Table 1. Karnaugh Map for a (4:2) HAC1 
y  

           AB     
CD 

00 01 11 10 

00 0 1 2 1 
01 1 2 3 2 
11 2 3 2 3 
10 1 2 3 2 

 
The function of the (4:2) HAC1 can be expressed as 
Equation (13): 
 

SUM = ¬(¬(A⊕ B⊕ C⊕ D))                                     (13) 

CARRY = ¬((¬((A+B) ·(C+D)))·(¬(A·B+C·D))) 
 

 

Fig. 1. Schematic view of a (4:2) HAC1 
 

 
 

Fig. 2. Layout placement of the (4:2) HAC1 in Fig.1 
 
The schematic, layout placement and Verilog code of 
the HAC1 are shown in Fig. 1, Fig. 2, and Fig. 3 

respectively. Note that the approximate compressor in 
Fig. 1 has two XOR-delay stages. It is also not hard to 
see in Fig. 1 that the carryout number is less which 
leads to acceleration of the multiplication speed as 
fewer bits are connected to the subsequent columns of 
the compressor. 
 

 
 

Fig. 3. The Verilog HDL code for the (4:2) HAC1 in Fig. 1 
 
Table 2. Logical effort calculation for the (4:2) HAC1 in 
Fig. 1 
y  

Cell Fanout load Effort load Parasitic 
delay 

NOT_1 AOI22+track 6/3+6/20=2.3 3/3=1 
NOT_2 AOI22+track 6/3+4/20=2.2 3/3=1 

NOT_3 AOI22+track 6/3+6/20=2.3 3/3=1 
NOT_4 AOI22+track 6/3+4/20=2.2 3/3=1 
AOI_1 AOI22+NOT+ 

track 
(6+3)/3+19/20= 
3.95 

12/3=4 

AOI_2 AOI22+NOT6+ 
track 

(6+3)/3+15/20= 
3.75 

12/3=4 

OAI_1 NAND2 +track 4/3+4/20=1.53 12/3=4 
AOI_4 NAND2 +track 4/3+0/20=1.33 12/3=4 

NAND_1

※ 

AOI22+NOT+OA
I22+AOI22+track 

(6+3+6+6)/3+30/2
0=8.5 

6/3=2 

NOT_5 AOI22+track 6/3+2/20=2.1 3/3=1 
NOT_6 AOI22+track 6/3+0/20=2 3/3=1 
AOI_3 NOT +track 3/3+0/20=1 12/3=4 
NOT_7

†  

AOI22+NOT+OA
I22+AOI22+track 

(6+3+6+6)/3+20/2
0=8 

3/3=1 

※: assume output CARRY is connected to input B of the next HAC    

† : assume output SUM is connected to input A of the next HAC 

 
Logical effort method can be applied straightforwardly 
to all (4:2) HACs by incorporating the lateral fanouts 
directly into the branching efforts.  Table 2 presents the 
logical effort calculation for the (4:2) HAC1 presented 
in Fig. 1. We assume the output SUM (see Fig. 1 for 
details) is always connected to input A as shown in Fig. 
1, then the path effort of the critical path is: 
 

F = ∏ loadk = 2.3×3.95×2.1×1×8 = 152.63 

 
The ideal logic stage is 3. However, the minimum logic 
state required in the circuit is 5 after bubble pushing (a 
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sort of removal of dead nodes). So the logic stage is still 
5.  
 

N = log4152.63 = 3.6 ≈ 3 
 
Then the stage effort is: 
 

α = 152.631/5 = 2.7 
 
The delay can be calculated by the following equation: 
 

D=N ·α+∑p= 5×2.7+1+4+1+4+1 
=24.7 delay units  
≈ 4.93 FO4(Fanout-of-4) inverter delays 

 
Area can be estimated by running experiments. Each of 
the module cells used has the same height of 10 y-grids, 
which is equal to 2.8 um. The width of each cell is 
specified with a fixed value (see Table 3 for details) and 
therefore it is possible to calculate the module width 
(W) through the summation over the basic cells’ width 
along the layout placement. 
There are 13 basic cells used in HAC1, including 7 
NOTs, 1 NAND2, 4 AOI22s and 1 OAI22. The x-grid 
is poly-poly repeat and each grid is around 420 nm. 
Thus the total length of the module is: 
 
Wtotal = 7· WNOT +1·WNAND2 +4·WAOI22 +1·WOAI22 
         = 7×2+1×3+4×5+1×5 grids 
         = 42 x-grids 
         = 42×420 nm 
         = 17.64 um 
 
Then, the total area of HAC1 is: 
 
AREAHAC1 = 17.64 × 2.8 um2 = 49.4 um2 

 
Table 3. Cell library (all values are for single-stick cells) 
 

Cell Equation Width 

NOT z = !a 2 
NAND2 z = !(a&b) 3 
NOR2 z = !(a|b) 3 
AOI22 z = !(a&b|c&d) 5 
OAI22 z = !((a|b)&(c|d)) 5 

XNOR2 z = !(a⊕ b) 7 

 
4.3. Other compressors 
 
Similar to HAC1, HAC module/compressor can also be 
generally designed to produce the output result 0 
(decimal) when all the inputs receive logic 1. A (4:2) 
HAC can efficiently reduce the bit load of each column 
since it cuts off one carry output from the module.  
Unlike HACs, different (4:2) MACs and (4:2) LACs 
presented in this paper provide a possible way of 
speeding up the SUM logic, which can shorten SUM 
circuits from 2 XOR-delay stages to an XOR-
NAND/NOR-delay stage since XOR – NAND/NOR is 
not a complete function circuit. All these mimic the 
SUM function as A�B�C�D along with some 
slight/occasional errors. 

Table 4 presents the set of approximate results for 
HACs, MACs and LACs.  As for MAC1, when the four 
inputs are set at “0000”, the result will be decimal 1 
rather than 0 as expected.  Similarly, errors arise when 
inputs are “0011”,”1100” and “1111”. 
 
Table 4. A set of approximate results for (4:2) approximate 
compressors used in this paper 
 
 

Module 
Input (binary) 

Approximate 
Result (decimal) 

Accurate 
Result 

(decimal) A B C D 

HAC1 1 1 1 1 2 4 
HAC2 1 1 1 1 0 4 

MAC1 

0 0 0 0 1 0 
0 0 1 1 3 2 
1 1 0 0 3 2 
1 1 1 1 3 4 

MAC2 

0 0 0 0 1 0 
0 0 1 1 1 2 
1 1 0 0 1 2 
1 1 1 1 3 4 

LAC1 

0 0 0 1 0 1 
0 0 1 0 0 1 
1 1 0 1 2 2 
1 1 1 1 2 4 
1 1 1 0 2 3 

LAC2 

0 1 0 1 3 2 
0 1 1 0 3 2 
1 1 1 1 2 4 
1 0 0 1 3 2 
1 0 1 0 3 2 

LAC3 

0 1 0 0 0 1 
0 1 1 1 2 3 
1 1 1 1 2 4 
1 0 0 0 0 1 
1 0 1 1 2 3 

 
4.4. Performance comparison 
 
Table 5. The performance of various compressor families 
 

*The width of transistors is 100 nanometers 

Module 
Error 
rate 
% 

SUM 
delay 
(ps) 

CARRY 
delay 
(ps) 

MOS 
FET 

quantity 
Area (um2) 

FA 0 224 98 42 29.4 
HAC1 6.3 246.7 132 58 49.4 
HAC2 6.3 255 250 70 60 
MAC1 25 163.8 130 48 40 
MAC2 25 160 134 40 40 
LAC1 31 179 131 56 40 

LAC2 31 179 131 56 40 

LAC3 31 163.8 130 48 40 

 
Table 5 shows the performance of all compressors 
presented in this paper. Though the approximate (4:2) 
compressors have occasional errors, their speed is faster 
or roughly equal to that of conventional full adders 
(FAs). Among the (4:2) compressors, MAC2 achieves 
the highest speed, the least CMOS quantity, and the 
smallest size since it has a simpler CARRY logic. 
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5. Design and analysis of approximate multipliers 
 
We have already seen in Section 4, approximate 
compressors are high performance arithmetic circuits. It 
is not hard to see that compressors can be used to build 
multipliers. We apply tree topology to design 
approximate compressor based multiplier (namely (4:2) 
HAC1 based multiplier). Tree topology is used in the 
multiplier design since trees are very fast structures for 
summing up partial products [6, 7]. Details of the 
implementation of our approximate compressor based 
multiplier design may be subject to patent protection 
and such details are not given in this paper.  
Nevertheless, Table 6 summarizes the general 
performance of our proposed approximate multiplier 
based on (4:2) HAC1 against the conventional Wallace 
tree through constrained random tests. Our proposed 
(4:2) HAC1 based approximate multiplier can be 30% 
faster while the accuracy decreases only by 12%. 
 
Table 6. Performance comparison of tree multipliers 
 

Tree multiplier 
Speed 

ns 
MOSFET 
quantity 

Error  
rate % 

Area 
um2 

Wallace multiplier 1792 39690 0 55566 

(4:2) HAC1 based 
multiplier 

1233.5 28212 12 49787 

 
6. Conclusions 

 
Approximate circuits provide an approach to accelerate 
computation by using simplified circuits. This paper has 
first reviewed a series of common estimation methods 
used by approximate circuits. Along with experimental 

results, the applicability and effectiveness of using 
approximate compressors for the implementation of 
multipliers has been shown. Our future work will focus 
on applying approximate compressors to implement 
large and reliable high-performance multipliers. 
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Abstract: The paper presents elaborated and analyzed 
model for scanning, transmission and processing of 
motor performance data. The experimental equipment 
was developed according to the model and experiments 
were made. The motor speed and torque transients were 
recorded and conclusions were made.  
The time of data transmission at different processor 
clock frequency is presented. Developed and applied 
simple data filter. The results of data transmission at 1 
and 4 Mbps microprocessor speed and different number 
of ADC bits are presented. 
 
Keywords: Data acquisition, drive monitoring, 
identification, induction drive. 

 
1. Introduction 

 
Modern control systems consist of a number of design 
elements, some of whose may be linear or discrete. The 
examination of such systems commonly is carried out 
by numerical simulation techniques, but for this purpose 
the mathematical model of the system should be known. 
In addition, the mathematical model of the system 
requires determining of the model parameters in 
accordance with the real conditions of system 
performance. Procedure of getting mathematical model 
parameters is called system identification. In order to 
compare parameters of the mathematical model and the 
real model the measurements of system parameters are 
required, for this purpose development of system for 
data acquisition and processing is necessary. The article 
discusses elaboration of equipment for experimental 
investigation of induction motor drive parameters. 
Identification is widely used in analysis of electrical 
drives. Primarily can be identified the drive parameters, 
such as motor winding resistance and inductance, the 
load characteristics and so on. As example can be 
considered a modern-frequency converter Siemens 
SIMOVERT MASTERDRIVES with software 
automatically adjusting the motor vector control for 
desired motor performance and then, according to 
mathematical model of the motor, generating the control 
signals [1].  

 

2. System description 
 
The experimental system consists of two motors with 
coupled shafts. One of them with parameters shown in 
Table 1 is working in motoring mode, while the other is 
used as load and is working in a generator mode in 
electric brake mode [2]. 

 
Table 1. Drive parameters 

 

Type АД90Л4У3 
Supply voltage 3 phase ~50Hz 

Power 2,2 kW 
Efficiency  80% 

cosφ 0,81 
Nominal speed 1390 rpm 

 
The system is connected to a shaft-mounted speed and 
torque sensors providing data for data acquisition 
system. The system processes the data and sends data 
across galvanic decoupling (in this case adapted to 
wireless Bluetooth technology) to a computer where the 
data are processed and final rendering is made. The 
block diagram of the system is presented in Fig. 1. 

 

 
 

Fig. 1. System block diagram 
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Induction motor data scanning, processing and 
transmission is realized by eight bits microcontroller of 
Atmega series. The system was chosen because a single 
chip comprising all the periphery that is necessary for 
experiments. Microcontroller has an 8–bit analog–
digital converter (ADC), serial communication protocol 
USART, SPI, and is supported by other advantages. 
Selected microcontroller remains the possibility of 
system improvement, the remainder of the periphery 
can be used for other motor parameters tracking and 
motor control. The aim of the work is to create 
induction motor transients data acquisition equipment, 
which is adapted for the optimal data transfer and 
processing.  
Since the microcontroller clock speed is not very high, 
the data analysis, mathematical calculations and other 
factors influence the microcontroller operation, based 
on computer software package "LabView". 

 
3. Reading of the Torque data 

 
The integrated microcontroller ADC (analog – digital 
converter) is used for motor torque increment scanning. 
In order to increase the accuracy of the scanned data, 
the measuring system signal voltage is chosen as close 
as possible to sensor output voltage. At no load the 
motor torque is expected not exceeding half of the rated 
torque of the measuring sensor, therefore the resultant 
output voltage is determined equal to 2.56 V. 
Investigations were carried out by scanning with ten 
and eight bits ADC. Both of them have some 
advantages and shortcomings. 8 bits ADC make faster 
conversion into a digital signal, which allows 
transferring larger amount of data. In this case result has 
lower accuracy, but more points are scanned during the 
same time. Scanning by 10 bits ADC gives data in the 
range from 0 to 1023. In this case, ADC conversion 
takes longer time because smaller number of points read 
over the same period, but results are presented with 
higher accuracy. The experiments were carried out with 
different allocators ADC (CPU clock frequency 
division factor). The best result was achieved by 
scanning data without divider with clock frequency 
equal to 12 MHz. That increases the speediness of data 
reading. Starting transients of the motor at no load are 
shown in Fig. 2. 

 

 
 

Fig. 2. Starting transients of the motor at no load 
 

 
 

Fig. 3. Block diagram 
 

4. Reading of the speed data 
 
The tested induction motor (Table 1) has synchronous 
speed of 1500 rpm. It is equipped with optical shaft 
encoder producing 360 pulses per revolution. If motor 
is running at no–load device produces 9000 pulses per 
second. For reading of pulses eight column counter 
operating in interruption mode changes its state 
according to the input signal front [3]. After transferring 
of data, the counter is set to zero. This situation allows 
calculation of exactly number pulses between 
transferred two data packages.  In order to obtain 
accurate speed curve, the CPU must calculate the 
number of clock cycles between the encoder pulses. The 
counter interruption mode reduces the speediness of the 
system. For accurate speed reading a parallel processor 
should be connected or used much more powerful 
(higher clock speed) processor [4]. 

 
5. Data transmission 

 
Mathematical calculations and data mapping is carried 
out by computer. For this the data channel is used. 
Microcontroller has an internal coherence to the data 
transfer protocol USART (universal asynchronous 
receiver /transmitter). Investigations were carried out in 
the transfer of information both within the cable (com 
port) and the wireless connection. Both methods 
showed the same results. Nevertheless the choice of 
wireless data transmission because the function of 
galvanic separation of data reading part and the power 
full data–processing computer is more suitable. Data 
amount depends on the bandwidth. With higher speed, 
the greater time is available for reading of data of ADC 
and encoder. During the experiment speed maximum 
was achieved 460.8 Kbps which minimized data 
transfer errors. In accordance with the documentation 
microcontroller with 115200 bit per second quartz 
resonator has been chosen, which guarantees zero error 
probability.  
The optimal transmission mode is selected according to 
program cycle execution and data transfer time at 
different speed [3]. The transmission speed greater than 
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1Mb does not affect the amount of transmitted data over 
the same time interval can be seen from Fig. 5.  
Fig. 4 shows that higher processor clock frequency 
increases the data transmission speed. The appropriate 
data transmission rate and the lowest available CPU 
frequency for outgoing data errors were chosen. 12 
MHz processor with 1 megabit per second transmission 
speed, which gives almost zero error for the system is 
selected. 

 

 
 

Fig. 4. Data cycle time 
 

6. Data processing 
 
Data transferred to the computer is immediately placed 
into a buffer, and then they are processed by rescaling 
and filtering.  
Selected fast–speed transmission allows using it for 
speed measurement purposes. The data are processed by 
fuzzy logic filter. Comparison of incoming data with 
filter and without that is given in Fig. 5. 

 
7. Speed signal filter 

 
In order to preserve the exact starting point filter is 
activated only by movement of the motor shaft. The 
filter is simple enough and carries out two–point 
averaging. According to calculation the measured data 
points above average and below are found. If the 
average value is lesser of that or equal to the actually 
measured, the minimum value is selected, otherwise the 
maximum value is selected. The maximum value Xmax is 
calculated according to formula (1) 

 
 1

max

1
,

2 2
real

real

x x
X x

      (1) 

 
where xreal is measured impulse number, x-1 it`s 
measured impulse number one step before.  

The minimum value Xmin is calculated according to 
formula (2):  

 
 1

min

1
,

2 2
real

real

x x
X x

      (2) 

 
where x+1 is measured impulse number one step 
forward.  

Data provided for the user delay by one sending cycle. 
This delay is relatively small with comparison of data 
processing time which takes more time [5].  
Experimental results of that filter are given in Fig. 5. 

 

 
 

Fig. 5. Speed signal filtering 
 

8. Experimental results 
 
The version of the software allows dynamical 
monitoring and examining the motor performance. The 
characteristics of the shaft speed and torque can be 
determined by the motor operating conditions. The 
transient process is informative while is rapidly 
changing the motor load or rotation speed.  
Curvature uniformity of the motor speed gives 
information about motor shaft load.  
The experiment was carried out by many tests that scan 
the data and shortcomings of the system were revealed. 
The main disadvantage is requirement of a fast 
processor, and optimizing control program for scanning 
data points, by which data should be sufficiently 
analyzed and identified.  
Several algorithms of velocity are available:  
a) impulse count at the same time interval. This method 
has advantage because significantly complicate program 
can be performed by simple interruptions. The 
shortcoming of this system is requirement of high speed 
microprocessor and optimized control system.  
b) more accurate way is the time interval measuring 
between pulses. Advantage in that is yielding very 
precise expression of speed, but the main drawback is 
the program running very slowly at low speed. 
Therefore the data (at a certain speed) never are 
continuous (they are presented at different time 
intervals). In order to avoid that, the "time stamps" can 
be introduced, but it makes program more complex.  
c) Mixed mode measurement. Here simultaneously are 
applied both speed measurement techniques and data 
processing evaluates the data to be transmitted to the 
user. Here data is used for the identification and control 
only. Disadvantage is different accuracy at different 
speed. The reading of torque ±5 V signal is used, but 
the microcontroller accepts only a positive signal, 
therefore the bridge is required and the data fed to the 
different channels of the microcontroller and their 
negative parts are multiplied by -1. 
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Fig. 6. ADC data different 
 
Reducing of the transmission speed during experiment 
significantly decreased number of transmitted points in 
the time interval as shown in Fig. 6, 7.. Therefore, the 
optimal data transfer speed of the considered system 
configuration is 1Mb / s.  
Application of 10-bit ADC gives higher measuring 
accuracy; therefore the experimental 10-bit Analog to 
Digital Converter (ADC) is selected [6,7,8]. 

 

 
 

Fig. 7. ADC data zoom 
 

9. Conclusions 
 
Considering the complexity of the program for data 
scanning (it takes the time to scan and convert from 
analog to digital signal) the optimum transmission speed 
is selected. 

Experimentally stated that transmission of data with the 
current version of the program gives the optimal 
transmission rate 1Mb / s. 
Accurate measurement of speed requires a powerful 
processor with time synchronization, or parallel 
processors processing speed signal during short time 
intervals. 
The analog measuring device, such as tachogenerator 
can be used to measure the speed. 
In order to implement data processing and analysis in 
microcontroller requires high speed processor, which 
processes only the data required by high frequency 
scanning. 
The time delay at motor starting is clearly visible 
because friction. 
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Abstract: The two-mass systems with infinite stiffness 
and without clearance compose analyzed. Single-mass 
system dynamics quite well analyzed. Problems of two-
mass system were considered. The paper presents 
closed loop model of two-mass electromechanical 
system with speed feedback and fuzzy logic controller. 
Computer model of two-mass system with Takagi-
Sugeno fuzzy type controller is presented. This paper 
considers some of the potential benefits of fuzzy logic 
controller to control induction motor drive speed of two 
mass system. The simulation model and results of 
controlled two-mass system are discussed. 

 
Keywords: Two-mass system, electromechanical 
system, fuzzy logic, model, simulation. 
 

1. Introduction 
 

Electromechanical system includes various mechanical 
chains, with infinite or finite elasticity and clearance. 
Systems with capable to deform chains are more 
complex. They are described by high order nonlinear 
differential equations, and without essential simplifying 
of problem they cannot be solved in analytical way. In 
these cases computer models for two-mass problem 
solving must be developed, using specialized software, 
and system responses simulated [1, 2, 3, 4]. 
Oscillations in the two-mass electromechanical system 
raise great problem therefore reduction of that becomes 
the main task in developing of the system. Different 
control methods in close loop and open loop systems 
are applied for this purpose.  
At present fuzzy logic is applied in various control 
areas. Fuzzy logic is applied in systems such as 
elevators, traffic control and software: medical 
diagnosis, securities, data compression as well as for 
control of electric drives and electric networks [5, 6]. 
Fuzzy logic is a powerful and excellent analytical 
method with numerous applications in embedded 
control and information processing. Fuzzy logic 
provides a straightforward and easy path to describe or 
illustrate specific outcomes or conclusions from vague, 
ambiguous or imprecise information [7]. 

The main task of this paper is implementation and 
optimization of fuzzy logic control algorithms in order 
to reduce speed oscillations and to cut down startup 
time.  
In this work, the two-mass system model was developed 
using Simulink. The performance of the proposed 
closed loop control system with fuzzy logic controller is 
compared with uncontrolled system simulation results.  

 
2. Design of a Fuzzy logic controller 

 
Fuzzy logic is a form of many-valued logic derived 
from fuzzy set theory to deal with reasoning that is fluid 
or approximate rather than fixed and exact. Fuzzy logic 
emerged as a consequence of the 1965 proposal of 
fuzzy set theory by Lotfi A. Zadeh. Lofti A. Zadeh 
published a seminar paper about fuzzy sets, which was 
the birth of the fuzzy logic technology. 
General structure of a fuzzy logic controller (FLC), or 
fuzzy controller (FC) for short, consists of three basic 
portions: the fuzzification unit at the input terminal, the 
inference engine built on the fuzzy logic control rule 
base in the core, and the defuzzification unit at the 
output terminal, as shown in Fig. 1. 
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Fig. 1. Structure of a fuzzy logic controller 

The fuzzification module transforms the physical values 
of the current process signal, the error signal which is 
input to the fuzzy logic controller, into a normalized 
fuzzy subset consisting of a subset (interval) for the 
range of the input values and an associate membership 
function describing the degrees of the confidence of the 
input belonging to this range. This paper uses uniformly 
distributed triangular membership functions for the 
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error, change of error and output membership functions. 
The range for the input variables membership functions 
are as shown in Fig. 2. 
Created Takagi-Sugeno fuzzy controller is a system 
with two inputs, single output, e and de are input 
variables, described as: 

( ) ( ),

( ),

e t a y t

de a y t

 
  

                            (1) 

where e(t) is speed signal error, a is reference signal, 
y(t) is output signal and de  is change of the error signal 
[8]. 
The fuzzy sets are designated by the labels: NL 
(negative large), NM (negative medium), NS (negative 
small), ZE (zero), PS (positive small), PM (positive 
medium), and PL (positive large).  
 

 
 

Fig. 2. Membership functions for input variables e and de 
 
Gain coefficients kd, kp are used for tuning of fuzzy 
controller. 

3. Figures and tables 
 

The model of electromechanical system with speed 
feedback signal is elaborated. Required speed value is 
maintained by fuzzy controller with two inputs. The 
first mass corresponds to the mass of motor rotor. 
Model of induction motor in synchronous reference 

frame with e eq d axis is considered in [9, 10]. 

Computer model is elaborated for a motor, whose 
parameters are presented in Table 1. 
Two-mass system is described by set of equations: 
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              (2) 

 
Torque of stiffness is calculated as: 
 
                           

12 12 1 2( ),M c                          (3) 

  
where C12 is stiffness of the elastic mechanical part.  
The second mass, attached to the motor is chosen freely. 
It is assumed as cylindrical shape body, fastened along 
mass center [3, 4]. 
Two-mass controlled system includes speed and torque 
reference signals; both those can be changed. Speed 
reference signal corresponds to nominal AC drive 
speed. The study examines motor transients during the 
startup. Fuzzy logic controller generates a control 
signal.   Selected small stiffness of the second mass, 
equal to 600 Nm/rad. The model of controlled two-mass 
system is presented in Fig. 3.  
 
Table 1. Parameters of the motor 

Parameter Value 
Motor power, kW 2.2 
Number of pole pairs 2 
Phase voltage, V 230 
Power factor 0.81 
Rated torque, N·m 14 
Rated current, A 5.14 
Inertia, kg·m2 0.0056 
 

 
 

Fig. 3. Model of two-mass electromechanical system with fuzzy control 

106



 

Fig. 4 shows simulation results of induction motor in 
uncontrolled system and system with fuzzy logic 
controller. It is seen, that speed of an uncontrolled 
system oscillates while in controlled system steady-state 
speed is obtained without oscillations. Oscillations 
depend on the mass coupling stiffness. 
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Fig. 4. Comparison of speed values of induction motor in two-
mass system: 1 – uncontrolled system; 2 – system with fuzzy 
controller 
 
Fig. 5 shows the speed transients of the second mass. 
The speed transients are very similar to the induction 
motor transient process, but there are extra speed 
oscillations in the uncontrolled system, which occur 
because of the mass coupling stiffness. In this case 
fuzzy controller maintains a constant second mass speed 
equal to reference nevertheless, that for speed feedback 
signal of motor speed is used.      
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Fig. 5. Comparison of speed values of second mass in two-
mass system: 1 – uncontrolled system; 2 – system with fuzzy 
controller 

 
Fig. 6 shows comparison of torque developed by motor 
in the uncontrolled and controlled system. Simulation 
results indicate that maximal value of torque is smaller 
more than 2.5 times in controlled system. They also 
have smaller amplitude of oscillations.  
Fig. 7 shows comparison of torque developed by the 
second mass. It is seen, that torque values slightly 
differs in an uncontrolled and controlled systems. That 
appears because of the mass stiffness which smoother 
motor torque overshoots and they are not transmitted to 
the second mass output. 
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Fig. 6. Comparison of torque value of induction motor in two-
mass system: 1 – uncontrolled system; 2 – system with fuzzy 
control 
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Fig. 7. Comparison of torque value of second mass in two-
mass system: 1 – uncontrolled system; 2 – system with fuzzy 
controller 
 
Other experiments are done by loading the second mass 
by 6 Nm load. Motor speed transient are shown in 
Fig. 8. It is seen, that settling time of loaded system 
increased to compare with unloaded system transients. 
Steady-state value of speed is reached faster and 
without oscillations in the controlled system. In an 
uncontrolled system steady-state speed value is smaller 
because of the load and at the starting instant speed 
oscillations have great amplitude. 
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Fig. 8. Comparison of speed values of induction motor in two-
mass system: 1 – uncontrolled system; 2 – system with fuzzy 
controller 
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Fig. 9 shows the speed response of the second-mass. 
The second-mass speed response is very similar to 
motor speed response shown in Fig. 8. The only one 
difference can be seen that in uncontrolled system, 
because of coupling stiffness and load, there are smaller 
oscillations. 
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Fig. 9. Comparison of speed values of second mass in two-
mass system: 1 is uncontrolled system; 2 is system with fuzzy 
control 
 
In Fig. 10 torque transients of the system, operating 
with load and without that are compared. It is evident, 
that overshoot of an uncontrolled system continues 
longer than in controlled system. Maximum value of the 
steady-state amplitude is almost the same in both 
systems. 
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Fig. 10. Comparison of torque response of induction motor in 
two-mass system: 1 is uncontrolled system; 2 is system with 
fuzzy control 
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Fig. 11. Comparison of torque value of second mass in two-
mass system: 1 – uncontrolled system; 2 – system with fuzzy 
control 

Comparison of the second-mass torque transient in an 
uncontrolled and controlled system is shown in Fig. 11. 
Oscillation time is longer because of the load while in 
controlled system they are shorter and oscillation 
amplitude is obviously smaller. 
 

4. Conclusions 
 
Speed of an uncontrolled two-mass system oscillates 
because of coupling stiffness. Developed fuzzy 
controller eliminates occurred oscillations. 
The speed of loaded motor in controlled system reaches 
steady-state value equal to reference, while in an 
uncontrolled system error in steady-state reaches 8%. 
Transient of speed of two-mass fuzzy logic controlled 
system is faster than an uncontrolled system by 15%. 
As the feedback signal is used the motor speed, 
nevertheless the speed of the second mass in an 
unloaded and loaded system remains constant. 
Transient of the torque oscillates with smaller frequency 
and amplitude of oscillations is smaller 2.5 times than in 
an uncontrolled system. 
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Abstract: In this paper the digital self-tuning PID 
control of pressure process is presented. Two self-
tuning PID controllers whose parameters are estimated 
by the results of recursive least squares algorithm are 
applied and compared their control performance. 
The experimental results show more effective digital 
control of pressure process with modified PID 
controllers than with conventional PID. Additionally is 
shown that the selection of closed-loop characteristic 
and continuous-time sampling period has a considerable 
impact for the control quality of pressure processes. 

 
Keywords: pressure process, self-tuning PID control, 
closed-loop parameters, sampling period. 

 
1. Introduction 

 
The control quality of continuous-time processes by 
digital controllers depends on the right choice of closed-
loop characteristics and continuous-time sampling 
period [1]. In this paper the control effectiveness of two 
modifications of self-tuning PID controllers on various 
parameters of closed-loop and sampling period are 
experimentally analyzed on pressure process. 

 
2. The pressure process 

 
The pressure process (Fig. 1) consists of the combined 
air inlet (no. 1) and air outlet (no. 4) tanks, two air 
chambers (no. 2) and two tubes (no. 3) with balls (no. 6) 
in them. The air from the inlet tank flows to air channels 
through air chambers and leaves the equipment through 
the upper outlet tank. The distance to balls is measured 
using ultrasound distance sensors (no. 5). The fans 
(no. 7) are used to create pressure in the air channels in 
order to lift the balls in tubes. The air chambers are 
utilized for the purpose to stabilize oscillations of the 
pressure in each tube. The momentum of the fan, the 
inductance of the fan motor and an air turbulence in the 
tube leads to complex physics governing ball's 
behavior. Slightly different weights of the balls and the 
location of air feeding vent additionally impacts the 
behavior of ball in the tubes. 

 

 
 

Fig. 1. The scheme of pressure process 
 

The input signals of the process are voltage values for 
each fan from the range between 0 and 10 volts. The 
intermediate values of voltage effects the power of fan 
disproportionately. The output signals are the distances 
between balls and the bottom of their tubes from the 
range between 20 and 90 in centimeters. 
Technical information of the process and its control are 
as follows: the volume of air inlet tank is about 7000 
cm3, the diameter of air feeding valve is 7 cm., the 
volume of each air chamber is about 1300 cm3, each 
tube is 110 cm. long with a 4 cm. diameter., the volume 
of air outlet tank is about 2900 cm3, the diameters of air 
outlet vents are 6.5 cm. The weights of the balls: 3.62 g. 
for the first tube and 3.58 g. for the second. Two 
coupled “Zalman PS80252H” fans are utilized for each 
air chamber and “Nivelco Microsonar UTP-212-4” 
ultrasound sensors are used. The Beckhoff BK9000 
PLC is used for pressure process digital control, i.e. 
reading output signals from sensors and sending input 
signals to the fans’ control mechanism. Controller is 
configured and controlled by TwinCat software. 
The control objective of pressure process is to regulate 
the speed of a fan supplying the air into a tube so as to 
keep a ball suspended at some predetermined level in 
the tube. 
Such processes exist in air conditioning and cooling 
systems. 
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3. Digital self-tuning PID controllers 
 

The tubes of pressure process are defined by discrete 
linear second order models, that is 
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where ),( 1)( zA i )( 1)( zB i  are the model polynomials, 

2,1i  is the number of the tube of pressure process, 
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t  , )( 0
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t   - output and input 

signals with sampling period 0T  respectively, )(i
t  - a 

white noise of the thi  tube with a zero mean and finite 
variance and 1z  is the backward-shift operator. 
Pressure process digital control is modeled by two types 
of self-tuning PID controllers: PID-A and PID-B [3]. 
The PID-A controller is defined as follows [3] 
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where ),( 1)( zS i )( 1)( zR i  are the polynomials of 

controller, 
*)(i

ty  is a reference signal, )(i
te  - a control 

error and )(
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)( ,,, iiii rrr  are the parameters of PID-A 

controller of the thi  tube. 
In order to calculate the parameters of PID-A controller 
the desired polynomial of closed-loop characteristic is 
needed, which for the thi  tube is formulated as 
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and is defined by converting continuous-time second 
order system 
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to its discrete analogue by Laplace transformation. The 
coefficients of this polynomial are then calculated by 
[4] 
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where i  is the natural frequency of oscillation i  is 

the damping factor. Then parameters of PID-A 
controller are computed by [4]. 
The PID-B controller is defined as follows [3] 
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Then PID-B controller parameters )(
2
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0

)()( ,,, iiii rr  of 

the thi  tube are computed by [4]. 
Unknown model parameters of the thi  tube are 
obtained by recursive least squares algorithm with 
forgetting factor [2] 
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where )(ˆ iΘ  is the estimated vector of model parameters, 

)(iC  - a square covariance matrix, )(iφ  - a data vector, 
)(ˆ i  - the prediction error, )(i  - the forgetting factor, 

)()( , ii   - auxiliary variables, )(i
e  - a constant, that 

defines the admissible interval of control error in 

centimeters and 2,1,)( jz i
j  are the roots of polynomial 

  )(ˆ 1zA i
t  of the thi tube. 

The modification of the algorithm (14) is so constructed 
that the estimates of model parameters are updated only 

if a value of )(i
te  is outside of the admissible interval 

defined by )(i
e  and the model after its last estimation 

remains stable. 
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4. Experiments 
 

The pressure process was experimentally analyzed by 
two types of self-tuning PID controllers – PID-A and 
PID-B. The experiments were performed by selecting 
the same parameters of closed-loop for both tubes 
digital control. The initial parameters of the algorithm 
(14) were as follows: the main diagonal of covariance 
matrix )(iC  selected equal to 1000 while the rest 

elements were equal to zero, the forgetting factor )(i  

was equal to 0.99 and initial values of model 

parameters’ vector )(
0

ˆ iΘ  were set to zero, i.e. at the 

startup of each experiment each controller did not have 
any a priori information about the process. The same 
reference signal with a step form of repeatable values of 
75 and 40 for both tubes had been applied with 

parameter )(i
e  equal to 1. The observation time of each 

signal was 600 seconds, collecting data from the 
process at one-second intervals. 
The control quality of continuous-time processes by 
digital controllers depends on the right choice of closed- 

loop characteristics and continuous-time sampling 
period [1]. Åström and Wittenmark [1] recommend to 
select the value of natural frequency and sample period 
so that inequality 

 
 6.01.0 0  Ti , (21) 

 
where 2,1i  is the number of the tube of pressure 

process, would be valid. Inequality (21) is satisfied by 
choosing a relatively high value of natural frequency 
with a relatively short sampling period or vice versa. 
Fig. 2 and Fig. 3 show the control quality of pressure 
process with choosing a high value of natural frequency 
with a short sampling period. It is seen from the graphs 
that the process control performance is poor not even 
for both tubes but also for different controls: output 
signals not settles in certain time and control signals 
oscillate very frequently with high amplitudes. Notice 
that the ball from the first tube tracks reference signal 
values slightly better than the ball from the second one, 
but also not in suitable manner. 

 

 
 

Fig. 2. Control performance of pressure process with closed-loop parameters and sampling period 
1.0,0.1,2 0  Tii   for PID-A (left-hand graph) and PID-B (right-hand graph) 

 

 
 

Fig. 3. Control performance of pressure process with closed-loop parameters and sampling period 
1.0,8.0,5 0  Tii   for PID-A (left-hand graph) and PID-B (right-hand graph) 

 
The control quality of the process with a small value of 
natural frequency and long sampling period, i.e. closed-
loop parameters 2,1,8.0,2.0  iii   and sampling 

period 0.10 T  are depicted in Fig. 4. Notice that the 

output and control signals of both tubes oscillate much 
less as compared to the control results with a relatively 
high value of natural frequency and short sampling 

period. Although, a control quality of the process is 
improved with choosing longer sampling period, the 
overall control performance of the process is still 
unacceptable for both tubes. The control results of the 
process with an increased value of natural frequency by 
2.5 times is illustrated in Fig. 5. 
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Fig. 4. Control performance of pressure process with closed-loop parameters and sampling period 
0.1,8.0,2.0 0  Tii   for PID-A (left-hand graph) and PID-B (right-hand graph) 

 

 
 

Fig. 5. Control performance of pressure process with closed-loop parameters and sampling period 
0.1,8.0,5.0 0  Tii   for PID-A (left-hand graph) and PID-B (right-hand graph) 

 
The control quality of pressure process can be 
significantly improved by violating conditions of (21), 
i. e., by choosing a relatively small value of natural 
frequency with a short sampling period (Fig. 6). It is 
seen that control quality of both tubes is significantly 
better comparing with all previous experiments. Notice 
that even in this case PID-A is not able to cope with the 
changes of reference signal values properly – generating 
high overshoots in both tubes. The digital PID-B 

controller calculates the input signal not only from 
control error, but additionally estimates an output 
signal, which results to better control performance 
especially in transient processes. The effectiveness of 
this leads to smaller values of control error, 
eliminated/significantly decreased overshoots, faster 
settling time; input signals are much steadier and with 
lesser peaks comparing with PID-A. 

 

 
 

Fig. 6. Control performance of pressure process with closed-loop parameters and sampling period 
1.0,8.0,11.0 0  Tii   for PID-A (left-hand graph) and PID-B (right-hand graph) 

 
The effectiveness of digital self-tuning control of 
pressure process has also been evaluated statistically 
(Table 1 and Table 2) by calculating a variance of 
control error ( ieVAR ): 
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and a variance of control signal ( iuVAR ): 
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where 2,1i  is the number of the tube and 
*)(i

ty  is a 

reference signal of the thi tube. In variance calculations 
are not included the initial adaptation process 
( 200,,2,1 t ). 

Notice that the smallest variance value of control error 
in digital PID-A control (Table 1) is with closed-loop 
parameters ,2.0i ,8.0i 2,1i  and sampling 

period 0.10 T  for the first tube and with parameters 

,11.0i ,8.0i 1.00 T  for the second. Therefore, 

the smallest variance values of control error of both 
tubes (with one set of parameters) are with closed-loop 
parameters ,11.0i 8.0i  and sampling period 

1.00 T . Considering the variance values of control 

signals, it is seen that those values are also smaller in 
the case of ,11.0i  ,8.0i  1.00 T  - more than 5 

times comparing with closed-loop parameters set to 
,2.0i 8.0i  and sampling period 0.10 T . 

The similar is true with the results of digital PID-B 
control (Table 2) – with closed-loop parameters set to 

,11.0i 8.0i  and sampling period 1.00 T  are 

obtained smaller variances of both tubes (with one set 
of parameters) as compared to the parameters set to 

0.1,8.0,2.0 0  Tii  . 

 
Table 1. Process control results by PID-A controllers on 
different closed-loop parameters and sampling period 

 

i  i  0T  
I tube II tube 

1eVAR  1uVAR  2eVAR  2uVAR

0.11 0.8 0.1 59.85 0.05 90.98 0.08 

2.0 1.0 0.1 90.34 12.54 515.55 16.44 

5.0 0.8 0.1 181.02 13.95 682.33 16.92 

0.2 0.8 1.0 52.83 1.49 100.16 0.44 

0.5 0.8 1.0 160.41 6.41 416.03 6.84 

 
 
 
 
 

Table 2. Process control results by PID-B controllers on 
different closed-loop parameters and sampling period 

 

i i 0T
I tube II tube 

1eVAR  1uVAR  2eVAR  2uVAR  

0.11 0.8 0.1 65.87 0.06 40.42 0.01 

2.0 1.0 0.1 270.73 10.74 569.91 15.07 

5.0 0.8 0.1 244.49 11.78 668.96 16.98 

0.2 0.8 1.0 51.10 0.95 104.09 0.91 

0.5 0.8 1.0 112.41 5.85 465.47 7.08 

 
5. Conclusions 

 
The experimental analysis showed that control quality 
of pressure process by digital self-tuning PID-B 
controllers is better as compared to self-tuning PID-A 
controllers, but it significantly depends on the right 
choice of closed-loop parameters and sampling period. 
The experimental results also proved an assumption that 
exist an optimal parameters of closed-loop and 
sampling period in terms of control quality. 
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Abstract: Multiple input and single output systems 
whose inputs are sequences of amplitude modulated 
impulses are used for sound modelling. The frequencies, 
damping factors, amplitudes and phases are parameters 
of these systems. Their estimates are obtained by an 
iterative nonlinear optimization method, using real 
sound record single period discrete data. We assume 
that the system response to the excitation impulse 
vanishes during three periods. This assumption allows 
us to use Levenberg-Marquardt method for estimation 
of the system parameters. The problems of the 
fundamental frequency estimation and diphthong 
modelling are considered focusing on the transition 
from one phoneme to another. The study revealed that 
in order to obtain more natural sounding of the 
synthesized speech, it is important to use not only high-
order models, but complex input sequence scenarios as 
well. 
1 empty line using 10-point font with single spacing 
Keywords: Speech formant-based synthesizer, vowel, 
semivowel, phoneme, natural sounding. 

1 empty line using 10-point font with single spacing 
1. Introduction 

1 empty line using 10-point font with single spacing 
The two main speech synthesis methods – concatenation 
[1] and formant [2, 3] – are considered in the literature. 
The concatenation method is based on the recorded 
syllable databases, and formant method – on dynamic 
models of speech sounds. Although it seems that these 
methods are opposites of each other, but in our view, 
these methods complement each other. For example, 
having created speech formant models, we can pre-
generate a base of syllables and use it in the 
concatenation text-to-speech synthesizer. Currently, the 
Lithuanian synthesizer syllabic base [7] is too small, the 
same syllable of the word is used for both the front and 
back syllables, and stress is not taken into account. The 
formant method could supplement this base. 
Mathematical sound models are promising in 
development of speech recognition algorithms and their 
application in medicine (e. g. in throat disease 
diagnostics, and assessment of the voice aging), 
philology (e. g. in studying Lithuanian speech records, 
and analyzing Lithuanian dialects), and comparative 

linguistics (in comparing Lithuanian language with 
other ones). Formant Lithuanian vowel models have 
been developed in [3, 4]. This paper considers formant 
synthesis of Lithuanian words consisting of vowels and 
semivowels. The formant synthesizer is illustrated by an 
example of the Lithuanian word "laimė" ("happiness") 
and its cases. We use multiple input and single output 
linear dynamic system models that are obtained by 
parallel linking of the vowel and semivowel models. 
1 empty line using 10-point font with single spacing 

2. The synthesizer mathematical model 
 
The synthesizer is modelled by a linear dynamic system 
with many inputs and one output. The input number is 
equal to the number of letters in a word multiplied by 
the number of formants of the uttered letter. Usually the 
number of formants is equal to 18-27 depending on the 
letter type. Since the word "laimė" consists of five 
letters, its synthesizer has about one hundred inputs. 
Denote by L the number of letters of the synthesized 
word, and by lK  the number of formants of the uttered 

l-th letter. For example, 5L ,  23,27,21,20,26lK  

for the word "laimė". In total, there are 117 input 
channels for this word. Each channel is modelled by a 
single input and single output linear dynamic system 
having a complex root of multiplicity 3 with an 
appropriate frequency and damping factor. The impulse 
response of the channel with the index 

LlKkkl l  0,0,  is modelled by a formant that is 

described by a second order quasipolynomial: 
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where kl is the damping factor, klf  - the resonant 

frequency, 321 ,, klklkl aaa  - amplitudes, 321 ,, klklkl   - 

phases, df  - sampling frequency. In (1), 0t stands for 

continuous time. Introducing of the repeated roots, 
corresponding to formant quasipolynomials allows us to 
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Abstract: This article suggests and approach to 
verification of initializing sequences for sequential 
circuits. Binary method might be considered as 
providing optimistic results, as ternary – pessimistic 
ones. This article also explains the difference between 
these two methods, the differences in results and why 
this is happening. Using ternary approach might prove 
useful if validation results for both methods differ 
greatly. Binary method appears to be more accurate at 
finding initializing sequences, because of reduction to 
states space after each of input patterns is used. This is 
not the case when using ternary logic testing under 
Verilog. To improve overall reliability of experiment 
results, dependency matrixes are introduced and used to 
gain valuable knowledge about the circuit working 
conditions. 
 
Keywords: sequential circuits, initialization sequences, 
partial reset and initialization, dependency matrixes. 

 
1. Introduction 

 
An initializing sequence is a set of inputs that switches a 
system from any unknown state into a single fixed state. 
Such sequences may not exist, or be hard to find.   
There are two ways to set flip-flop values in sequential 
circuits. One is inputting patterns which switch flip-flop 
values from unfixed to fixed ones. It is also possible to 
use scan, pushing required values directly into flip-
flops. Both methods have their advantages and 
disadvantages [9]. An initializing sequence may not 
exist, be too long or set a circuit into an undesired state 
[1, 4]. Using scan allows easy flip-flop setting, but also 
increases chip size due to direct access requirement. 
This increase the chip price, heat output and power 
consumptions. Breaks in these extra connection lines 
may result in failed quality tests.  
Finding an initializing sequence is not an easy task. It is 
simple if states and transitions vectors sets are fully 
known. Forming such a transition tree is difficult for 
large circuits with many flip-flops present [2]. I.e. 3 
inputs and 3 triggers would result in a state space size of 

8 and 8 inputs. It will take 64 computation cycles to test 
transitions from state to state for all possible input/state 
combinations. 14 inputs and 6 triggers result in 
1’048’576 computation cycles. s35932 circuit from 
ISCAS’89 would require 5,20e+530 computation cycles 
for a full test. 

 
2. Previous work 

 
This article is based on random search algorithm. The 
algorithm was used to discover initializing sequences 
for circuits. The circuits’ operations were emulated 
using software prototypes and not actual hardware. 
These emulating prototypes were translated from 
ISCAS’89 Verilog source files. 
Such method operates under more difficult conditions, 
as there is no knowledge of the inner circuit wiring and 
elements [10]. Therefore, separate elements, gates, flip-
flops may not be analyzed, joined into groups or 
removed as suggested by other researchers. In 
experiments the results proved to be as good as or better 
to those in similar research papers [6][7][8]. 
Verification of found initializing sequences is based on 
heuristics. We state that, if input patterns managed to 
bring a system from a large number of starting states 
(50,000) into a fixed state, there is a good chance it will 
do so with larger numbers as well. Yet there is no 100% 
guarantee until transitions from all possible starting 
states are checked. 
Initializing sequences were revalidated against some of 
the ISCAS’89 benchmark circuits using Verilog, part of 
Cadence collection. Verilog is a hardware description 
language that allows creation of tests using four values 
logic (0,1,X,Z). In our experiments, only three (0,1,X) 
were used. X stands for an unknown trigger value, 
which may be 0 or 1.  
Initializing sequences were found and validated using 
two different methods with two sets of results as an 
outcome. First set came from using and initializing 
sequence with an algorithm described. Second set of 
results was produced by emulating the operation of 
circuit using Verilog. S386 circuit (its emulated 
software prototype) was tested. 
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Table 1. AND(&) gates calculation difference 
 

AND, & 0 1 X 
0 0 0 0 
1 0 1 X 
X 0 X X 

 
The results from two methods differed. The 
implemented random search algorithm uses two values 
logic. Verilog decisions are explained in Table 1. 

 
3. Ternary and binary computation results and 

differences 
 

Upon noticing differences in results, additional 
inspection and checks were used. To do this, an entire 
trigger state space was generated. S386 circuit has 6 
triggers, which results in 64 possible states. An 
initializing sequence was used, which consisted of two 
different input patterns. Change of state space was 
inspected after using each of input patterns. 
Table 2 displays some of the changes in the state space 
using an algorithm described in this article. The process 
goes like this: a system exists in an unknown state. Each 
input pattern from the initializing sequence is used. 
Each input transfers the system from a previous state to 
a new one. Output is also produced. 
 
Table 2. Changes in state space using binary logic 
 

Description/Action State space 
Starting space set 000000, 000001 …111111 
First input pattern is applied 
Resulting state space 
(unique states only) 

001100, 000100, 000000 

Second input pattern is applied using resulting states space   
Resulting state space 
(unique states only) 

001100 

 
Table 2 clearly displays that using and initializing 
sequence of two input patterns and a full state space, all 
circuit’s triggers are switched into a fixed state 
(001100). After using first input pattern on full trigger 
state space, three unique states appear in output. It 
means that the first input signal is able to switch 
circuit’s triggers into one of three possible states, no 
matter what was the starting state of circuit’s memory 
and trigger values. So, a full initialization of all 6 of 6 
triggers is achieved. 
Using the same initializing sequence on Verilog 
provided different results. The number of initialized 
triggers was 5 out of 6. Upon closer inspection, it 
appeared that this difference in results might be caused 
by Verilog use of 3-valued logic. It appears that after 
step 1 Verilog discovered that triggers 1,2,5,6 were fully 
initialized. For triggers 3 and 4 it generated and used all 
possible states (00;01;10;11), although Table 2 clearly 
displays, that 10 state can never be reached during 
operation of the circuit. If all 4 states are used (Verilog 
3-value logic example) instead of 3 states (proposed 
algorithm based on 2-value logic), then one of the 
triggers stays in an unset state (X). 
Additional experiments were made to test the proposed 
algorithm in such conditions. The proposed algorithm 

was altered to simulate basic 3-value logic. In such case, 
the results changed and became the same as those 
produced by Verilog emulation.  
This proves that usage of 2-value logic does have its 
benefits. Such a method allows removing illegal states 
from the state space, thus reducing its size and finding 
more accurate initializing sequence. It also allows more 
triggers to be switched into fixed states.  

 
4. Finding an initializing sequence. 

 
Search for an initializing candidate consists of: 
generating a small set of starting system states (20 in 
our case) and a larger number of input patterns (100 in 
this experiment). A state-to-state transition is checked 
for each input pattern to starting state combination. 
After all resulting states for each input pattern are 
calculated, an analyzer starts. It checks how many flip 
flops are switched from random into fixed states. After 
all input patterns are tried, best setting pattern is added 
as a part of full circuit initializing sequence. Such 
sequence may consist of 1 or more input patterns. The 
length was limited to maximum of 50 input patterns in 
this research. After this step, a new set of input patterns 
is generated, yet the old, partly fixed flip flop state set is 
used. The search is stopped if initializing sequence 
length goes beyond the length limit or the number of set 
flip-flops does not increase with newly generated sets of 
input patterns [12]. 
Upon discovering an initializing candidate, it is taken 
for verification. An initializing sequence made of one or 
more input patterns is used, and a large number of 
starting system states is randomly generated. 50,000 of 
starting states were used for verification of solution in 
this experiment. 
There is no guarantee, that found initializing sequence is 
100% correct, because the starting states set is only a 
small fraction of the whole set of possible states.  
The presumption is based on an idea that if initializing 
sequence is able to switch a system into a fixed state 
from a small number of states, and also a large number 
of states, it might be true for all starting states. Small 
number of starting states is used to minimize the 
computer calculation time consumption.  
 

5. Verification of initializing sequences using 
dependency matrixes 

  
Circuit dependency matrix describes relations between 
circuit inputs, outputs and flip-flops. By analyzing such 
connections, it is possible to identify certain flip-flops 
that have great influence over final computational 
results of a circuit. 
The ultimate task of circuit initialization is to switch all 
of its flip-flops from any state into a fixed one. Some 
flip-flop values depend only on input signals, while 
others may depend on values of other flip-flops as well. 
By analyzing such matrix, it is possible to discover: 

 Which input pins affect which triggers 
 Which triggers affect which triggers 
 Which inputs affect which outputs 
 Which triggers affect which output 
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 Common input pins for given set of output 
pins 
 Which flip-flops should be more tested, i.e. 
by generating all possible states for them inside 
the whole starting set of states before the 
search of initialization sequence begins. 

 
An example circuit is s27 (4 inputs, 1 output, 3 flip-
flops), and the dependency matrix is described in 
Table 3. 

 
Table 3. Verification results based on two approaches. 
 

Inputs / Output   0 1 2 3 

0 1  1  2  0  

1 1  1  2  1  

2 0  0  0  2  

3 2  2  1  0  

4 1  1  2  0  

5 2  0  1  0  

6 1  1  2  1  

 
In this matrix, a thick line identifies the flip-flop space. 
The matrix shows that the resulting value of first flip-
flop depends on its own previous value, the value of 
flip-flop number 3, and three inputs. Second flip-flop 
value depends on previous values of all three flip-flops 
and three of the circuit inputs. Third flip-flop value 
depends on its own previous value and two input pins. 
Such knowledge from matrix was used in this article’s 
experiments to increase the reliability of tested 
initializing sequences. I.e. An initialization sequence for 
a given circuit was not found. Dependency matrix 
provides clear evidence, that only a small part of all 
flip-flops affect each other, and the rest of flip-flops are 
directly connected to input pins. In this case, the bigger 
part of triggers may be switched into a fixed state by 
directly inputting required signals into proper input pins. 
The smaller tight group of flip-flops which to various 
states that depend on input signals and previous flip-flop 
states. Such group might be difficult or not possible to 
initialize. Generating a full set of states is not possible 
for large circuit, yet it might be possible for such 
smaller sub-set of “problematic” flip-flops. These 
triggers affect each other. Therefore, if a full set for 
these triggers is generated, and the initializing sequence 
is not found, there is a chance that such a sequence does 
not exist or is difficult to find. On the other hand, if 
these circuits are set into a fixed state, the rest will be 
set into a fixed state as well.  
This way we can assume, that the circuit has no 
initializing sequence and the partially-initializing 
sequence that was found instead of fully-initializing one 
is a good one and reliable. If an initializing sequence is 
found and set all of these “leading” flip-flops into a 
fixed state, we can safely assume that is a correct 
initializing sequence. Such case of flip-flops was found 
in circuit s953 (16 inputs, 23 outputs, 29 flip-flops), 
where flip-flops numbered 0..5 affects the rest, while 
the rest of flip-flops only affect circuit outputs and has 
no effect on other flip-flops or themselves. The states of 

these 6 flip-flops are calculated using input signals and 
previous state. 
Similar case if in circuit b06, where 4 of the flip-flops 
out of total 9 affect other circuits. 
This  method does not work for all circuits. In some 
cases the flip-flops are much interconnected making it 
difficult to identify “leading” ones. This is the case in 
circuit s386, where all 6 flip-flops depend on each other. 
 

 
 

Fig. 1. Proposed algorithm for verification of initialization 
sequences using dependency matrixes 
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Only those circuits with an initialization sequence 
length of 2 or more input patterns were analyzed. 
Tests using ternary logic turned out to decrease the 
number of set flip-flops in three cases.  Knowledge of 
circuits’ inner structure was not used, therefore it is hard 
to explain the large difference between circuit testing 
results. 
 

6. Results of initialization sequences verification 
process. Proposed approach 

 
For some circuits, found initializing sequences set 
different number of flip-flops while using binary, 
simulated ternary and hardware ternary logic. The 
results are provided in Table 4. 
 
Table 4. Verification results based on two approaches. 
 

Circuit 

Number 
of 

triggers 

Set using 
binary 
logic 

Set using 
ternary 

logic 
Seq. 

length 

s13207  638 
477 

(74,7%) 432 15 
s1423  74 74 (100%) 74 3 
s15850  534 458 (86%) 458 18 
s298  14 14 (100%) 14 2 

s38584  1426 
1423 

(99,78%) 1423 36 
s386  6 6 (100%) 6 2 
s526  21 21 (100%) 21 2 
s5378  179 167 (93%) 163 9 
s9234  211 154 (73%) 154 6 
s953 29 25 (86%) 10 1 

 
Testing the manufactured hardware circuit using ternary 
logic provides most reliable results displaying unset 
flip-flops as having X values instead of fixed ones (0 or 
1). Simulated ternary method described in this article 
provides similar results, yet is based on heuristics, 
because full set of state-transition vectors are not 
available. It is possible to generate this set for small 
sized circuits, yet it is not possible or impractical for 
circuits with large number of flip-flops. Search using 
binary seems to provide best results in terms of the 
number of set flip-flops and with the minimal length of 
initializing sequence. 
Due to this difference in results, and approach is 
employed, which might give more reliable results. It is 
described in Fig 1. 

 
7. Conclusions 

 
Dependency matrixes can improve the overall 
verification results for initialization sequences of 
sequential circuits. Such approach allows using 
knowledge from matrixes about the circuit operation 

without knowing the inner structure and its logical 
elements. Such knowledge allows identification of most 
influential flip-flops that greatly influence other flip-
flops and the final result of the circuit operation itself.  
Using ternary approach might prove useful if validation 
results for both methods differ greatly. Binary method 
appears to be more accurate at finding initializing 
sequences, because of reduction to states space after 
each of input patterns is used. This is not the case when 
using ternary logic testing under Verilog. 
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Abstract: The mathematical model of the mutual 
synchronization system composed of n  ( n N ) 
oscillators joined into a ring with a branch is 
investigated. The mathematical model of the system is 
the matrix differential equation with delayed argument. 
The step responses matrix of the system is obtained 
applying the Lambert W function method. Using 
obtained step responses matrix the transition processes 
in the system are investigated. 
 
Keywords: synchronization system, differential 
equations, delayed arguments, Lambert W function. 
 

1. Introduction 
 
The control systems are used in various processes of 
production and in the networks of transmitting and 
distributing of the information. Often the delays of the 
transmitted signals in such systems must be evaluated. 
Despite the great achievements in the area of projection 
and implementation of control systems, the works 
devoted to analytical investigation of such systems are 
important [1-4]. 
 

2. Formulation of the problem 
 
In the present work the dynamics of the concrete 
multidimensional control system with delays is 
investigated. The mathematical model of this system is 
the matrix differential equation [3] 
 

 
1 2( ) ( ) ( ) ( ),

( ) ( ) , , 0 ,

x t B x t B x t z t

x t t t



 

    

  
 (1)  

 

where  1 2( ) ( ) ( ) ... ( )
T

nx t x t x t x t  is the desired 

vector function, T denotes the operation of 
transposition,  is a constant time delay, ( )t is a 

compatible vector valued initial function, ( )z t  is a free 

term (continuous function depending on initial 
conditions),  is a coefficient, 

1B  and 
2B  are n n  

( n N ) numerical matrices (
1 2
,

n n
BB R  ),  
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 (5)  

 

(matrix 
n nD R   reflects the peculiarity of the control 

signals forming, matrix 
n nB R   outlines the structure 

of the internal links of the system). 
As an example of a control system, described by the 
equation (1), the mutual synchronization system of the 
communication network, composed of n  oscillators 
with a structure of a ring with a branch, can be pointed 
out [3] (Fig. 1). In this case the symbol ( )ix t  in (1) 

stands for the phase of the i -th oscillator. Taking into 
account the system’s reaction to unit jumps of the 
phases of oscillations of the oscillators, we shall 
investigate the transient processes in the 
synchronization system. For this purpose, firstly, we 
shall find the step responses matrix of the 
synchronization system.  
 

3. Step responses matrix of the system 
 

The matrix  ( ) ( )ijh t h t  we shall call the step 

responses matrix of the synchronization system. The 

entry  ( ) , 1,ijh t i j n  of this matrix is the response of 

the i -th oscillator oscillation phase to a unit jump in the 

124



 

j -th oscillator oscillation phase. We shall find the 

matrix ( )h t . 

 

 
 

Fig. 1. The scheme of internal links of the system  
 
When the increment of the phase of the j -th oscillator 

takes form of the unit jump the increment of the free 
term of the equation (1) can be expressed as follows 
 

( )
,( ) ( ) jz t t I    (6)  

 

where ( )jI  is the matrix-column all elements of which 
are zeros except the j -th element, which is equal to 1, 

( )t  is the Dirac delta-function. Taking this into 

account and using (1), we get the following differential 

equation for step responses  ( ) , 1,ijh t i j n  of the 

system: 
 

 
 

( )
1 2 1,( ) ( ) ( ) ( ) ,

( ) 0 , , 0 ,
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j j j
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where  1 2( ) ( ) ( ) ... ( )
T

j j njj
h t h t h t h t is the j -th 

column of the step responses matrix ( )h t , matrices 1B  

and 2B  are defined by (2) and (3), respectively. 

Firstly we shall find the solution of (7) on the interval 

 0, . 

Column vector ( )
j

h t   is a zero column vector on the 

interval  0,  due to the initial conditions (see (7)). 

Taking this into account on the interval  0,  we get the 

following system of differential equations for the step 

responses 1,( ) , ,
ij

nh t i j  : 

 

  ( ) , if ,
( ) ( )

0 , if .ij ij

t i j
h t h t
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Solution of (8) is the following set of functions: 

1( )( ) 0 if and ( ) ift

ij ij
th t i j h t e i j   

( 1,, ni j  ); where 1( )t is the Heaviside step function. 

Using the solution of (8), the differential equation (7) on 
the interval  ,   can be presented as homogeneous 

matrix delay differential equation 
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where ( )
j

t is the preshape (initial) vector-function. The 

entries of the vector-function ( )
j

t  assume the 

following values: 
 

  1( ) , if ,( ) ( )
0 , if .

t

jij i

e t i jt t
i j
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Applying the Lambert function method (see 
APPENDIX), the solution of (10) on the interval 

 ,   can be expressed as follows: 

 

,

( ) ( )

lim ( ) 1, , , ,

k

k

S t
kj

k

N S t
k

N k N

Ch t e j

e C j j n t 





 





 

   
 (11)  

 
where 
 

1

2 1

1
( ) ,B

k k
S W B Te B

     

 
1

2
( )B

k
W B Te  is the value of the k -th branch ( )

k
W H  

of the matrix Lambert function ( )W H  at 

1

2

BH B Te   , ( )
k

C j  are the complex valued vectors 

corresponding to the preshape vector function ( )
j

t  

(see (10) and (11)). The algorithms for finding ( )
k

C j  

and kW  are explained in the APPENDIX. From (11) 

follows the approximate expression for ( )
j

h t : 

 

,( ) ( ) 1, , , ,k
N S t

kj k N
h t e C j j n t 


     (12)  

 
where N  is a sufficiently large natural number. 
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4. Comparing the Lambert W function method with 
the method of consequent integration (method of 

‘steps’) 
 
The solution of homogeneous matrix delay differential 
equation (9) is presented by infinite functional series 
(see (11)), which determines the exact solution. In the 
real calculations we apply the approximate formulas, 
got from (12) with finite N  ( 2N +1 indicates the 
number of branches of the Lambert W function, which 
are used in calculations of the solution). We shall 
investigate the rate of convergence of the approximate 
solution to the exact solution with increasing N . For 
this purpose we shall apply the exact solution obtained 
by the method of consequent integration (method of 
“steps”) for the mutual synchronization system with a 
structure of a ring, presented in [4]. 
The differential equations for step responses 

 ( ) , 1,ijh t i j n  of the mutual synchronization system 

with a structure of a ring are given by (7), in which the 

matrices 1B  and 2B  are defined as follows: 1 ,B E  

2 2
;B B


   

where E is the identity matrix, 
 

.

0 1 1

1 0 1

0 1 0 1

0

0 1 0 1

1 0 0 1 0
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 (15)  

 
The scheme of the internal links for this system we 
obtain deleting in Fig. 1 the first oscillator. The indexes 

,i j  of the entries of the matrices 1 2, ,B B B  assume the 

values 2,n  (if we leave unchanged other notations in 
the Fig. 1). The solution of (7) for this system on the 
intervals  0,  and  ,   are defined by the same 

expressions as for the synchronization system with a 
structure of a ring with a branch. The difference is only 

in matrices 1 2,B B . 

The step responses of mutual synchronization system 
with a structure of a ring, computed by method of 
consequent integration (the exact method) and by 
Lambert W function method with different values of 
N , are presented in the Fig. 2. As we see from this 
figure, increasing N  the approximate solution 
approaches the exact solution. The maximal relative 

errors max  obtained for  0,t    using different 

values of N  are presented in the Table 1. As we see 
from the table for 50N   the maximal relative error is 
not greater than 0.01 (with increase of N the maximal  
relative error decreases). Such accuracy is sufficient for  
practical applications.  

 
Table 1. 
 

N  1 3 30 50 

max  0.5390 0.0624 0.0098 0.0060 

 
 

(a) 
 

 

 

(b) 
 

Fig. 2. Graphs of the step responses 1( )ih t at different 

values of N  
 

5. Results of calculations 
 
The transients in the synchronization system were 
investigated applying derived formulas. Some results of 
calculations are presented in Fig. 3,4 as graphs of step 
responses. For the calculation of the step responses we 
have applied the approximate formula (12) with 

50N   (this means that we have used 101 branches of 
the Lambert W function in the computations). With 
such N  the relative error is not greater than 0.01 for 
any t  on the base of the 4-th section. So the graphs of 
the step responses, presented below, are sufficiently 
accurate (in the presented figures these graphs 
practically coincide with the exact ones). 

In Fig. 3 the graphs of the step response 21( )h t  are 

given for different values of product   and for 
different numbers of oscillators in the synchronization  
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system. From the figure we see that the duration of 
transients in the synchronization system depends on the  
magnitude of the product  and on the number n  of 
the oscillators. With increase of   and n  the duration  
of transients in the system tends to increase. The 
transients get oscillatory features if 1.5  .  
 

 
 

(a) 
 

 
 

(b) 
 

 
 

(c) 
 

Fig. 3. Graphs of the step responses 21( )h t  

 
In Fig. 4 the reaction of the oscillations of different 
oscillators of the system to the unit jump in the phase 
of the oscillations of the second oscillator in the cases 

8 and 15n n   are presented ( n  is the number of 

oscillators in the system). As we see from the figure  
with increase of number of oscillators the transients go 
longer. All step responses approaches the same limiting 

 

 
 

(a) 
 

 
 

(b) 
 

Fig. 4. Graphs of the step responses 2 ( )ih t  

 
value when t  tends to  . The oscillatory features of 
the reaction are less significant for those oscillators that 
are more remote from the affected oscillator. 
 

6. Conclusions 
 
1. The Lambert W function method is used for 

computing step responses for the synchronization 
system. It is shown that using 101 branches of the 
Lambert W function (taking 50N  ) in calculations 

of step responses ( )ijh t  the relative error is not 

greater than 0.01 for any t . Such accuracy is 
sufficient for practical needs. 

2. The Lambert W function method has the advantage 
in comparison with a method of consequent 
integration (method of “steps”), as time of 
calculation of the step response by this method does 
not depend on delay size, whereas time of 
calculation of the step response by means of a 
method of consequent integration is in inverse 
proportion to the delay size. 

3. The method of research of dynamics, used in the 
presented work, can also be applied to other control 
systems, described by the linear matrix differential 
equations with delayed arguments and with 
commuting coefficient matrices. 
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APPENDIX 

 
Solution of linear homogeneous matrix delay 
differential equation applying Lambert W function 
method 
 
Consider homogeneous system of linear delay 
differential equations with constant coefficients, written 
in a matrix-vector form 
 

 
( ) ( ) ( ) 0 , 0 ,

( ) ( ) , , 0 ;

x t Bx t Ax t T t

x t t t T

    

  
 (A1)  

 
where and BA  are n n  numerical matrices, ( )x t  is 

an 1n  desired vector function, ( )t  is an 1n  

preshape (initial) function, T  is a constant delay. The 
existence and uniqueness of the solution for such system 
is proved in [5]. The solution of (6) we shall find 
applying the Lambert W function method [6-8].  
Recall definition of the Lambert W function (further, for 
simplicity, the letter W sometimes we shall omit). 
The inverse function for the function  
 

( ) wz w we   (A2)  

 
(where z and w  are complex variables) defines the 
Lambert function, denoted by ( )W z : 

 
1( ) ( ) .w z W z    (A3)  

 
The Lambert function ( )W z has infinite number of 

branches, similarly as the complex logarithm Ln( )z . 
The complete expressions of these branches can be 
found in [8.9]. The principal branch of the Lambert 
function can be represented by the following power 
series: 
 

1

0
1

( )
( )

!
  

n
n

n

n
z z

n
W





 . (A4)  

 
Now we shall begin the procedure of solution of (A1) 
with help of the Lambert function method. 
To begin with, we assume, that the solution to (A1) has 
form  
 

0( ) ; Stx t e x  (A5)  

 
where S  is n n  matrix (the entries of S  are some 

complex numbers), 0x  is some nonzero vector. 

Substitution of (A5) into (A1) yields 
 

0( ) 0 .ST StS Ae B e x    (A6)  

 

Since 0Ste  and 0 0x   we get 

 

0 .STS Ae B    (A7)  

(A7) is the transcendental characteristic equation of 
(A1) (if 0A   (system without delays) from (A7) we 
get S B   and putting this value of S  into (A5) 
yields 
 

0 ,( ) Btx t e x  (A8)  

 
which is the typical solution to ODE in terms of the 
matrix exponential). 

Multiplying (A7) by STe , we represent this 
characteristic equation in the following form: 
 

( ) .STS B e A    (A9)  

 
Performing further transformations, we multiply both 

sides of (A9) by BTTe . This yields: 
 

( ) .ST BT BTS B Te e ATe    (A 10)  

 
In this paper we consider the differential equations in 
which the coefficient matrices and BA  commute. In 

[5] it is shown, that if and BA  commute the matrices 

andS A  also commute and the following equality 

holds: ( )( ) ( ) .ST BT S B TS B Te e S B Te    Taking this 

into account we rewrite (A10): 
 

( )( ) .S B T BTS B Te ATe    (A 11)  

 
The Lambert W function is defined by 
 

( )( ) .W HW H e H  (A 12)  

 
Comparing (A11) and (A12), we note that 
 

( ) ( ) .BTS B T W ATe    (A 13)  

 
Then, solving (A13) for S , we get 
 

1
( ) .BT

T
S W ATe B    (A 14)  

 
The matrix Lambert W function, defined in (A12), 
contains an infinite number of branches [8]. For 

BTH ATe   we compute the eigenvalues , 1,i i n   

of H  and the corresponding eigenvector matrix V . To 
each branch k  ( , ..., 1, 0,1, ...,k     ) of the Lambert 
W function we get [10]  
 

1
.

2
( ) diag( ( ), ( ), ..., ( ))1k k k k n

W H V W W W V     (A 15)  

 

Finally, kS  we get from (A14), using the result given in 

(A15): 
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1
( ) .BT

k kT
S W ATe B    (A 16)  

 
Thus, (A5) is a solution of delay differential equation 
(A1), if and only if S in it assumes values given by 
(A16). The particular solution of (A1) can be presented 
in the following form: 
 

;( ) kS t
k

k

x t e C



   (A 17)  

 

where 
k

C  is a 1n  coefficient matrix (vector) 

computed from the given preshape function 
( ) ( ) ,x t t which is an initial state of delay differential 

equation (A1) for t  [ , 0T ]. The procedure of finding 

vector 
k

C  is described in [7] (here it is omitted). 

One of advantages of the Lambert W function method is 
that one can compute all of the branches of the function 
analytically using commands already installed in 
various software packages [7]. 
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Abstract: An approach of feed-forward controller 
design is investigated, in which  the controlled process 
dynamics is approximated by first order plus time 
delay models, and the resultant transfer function of 
controller takes a form of lead-lag compensator with a 
dead-time term. In the case of negative dead-time, this 
term cannot be implemented, and the controller is 
reduced to a lead-lag compensator. In this work, the 
feed-forward controller is investigated, in which the 
dead-time term is replaced with Padé approximation. 
Numerical simulations were carried out to investigate 
efficiency of this modification in comparison with a 
performance of the lead-lag compensator.  
 
Keywords: feed-forward control, controller design. 
 

1. Introduction 
 
Feed-forward control is an effective way to reject the 
controlled process disturbances [1,2]. When the 
disturbances are measured, control actions can be 
generated in an attempt to counteract the effects of the 
disturbances before they have influenced the process. 
The most common engineering approach to design the 
feed-forward controllers is based on using first order 
plus time delay transfer functions as approximation to 
describe how the manipulated variable and the 
disturbance affect the control variable. By applying the 
engineering design method, the feed-forward controller 
realization problem arises, when time delay in the 
disturbance path is less than time delay in process path. 
In this case, the negative dead-time term in feed-
forward controller cannot be implemented, and it is 
advised simply to ignore this term [2,3]. In this work, 
we investigate performance of feed-forward 
controllers, in which the negative dead-time term is 
replaced with the Padé approximation. Performance 
results of the modified controller are compared with 
those of the steady-state and the ordinary dynamic 
feed-forward controllers. 
The feed-forward controllers are usually applied in 
feed-back/feed-forward control systems, therefore, 
efficiency of the feed-forward control is investigated 

by simulation a performance of the ordinary feed-
back/feed-forward control system (fig.1) with various 
feed-forward controllers introduced.  
 

 
 
Fig. 1. Feed-forward/feed-back control. (cset – the set point, 
d(t) – the disturbance, m(t) – the manipulated variable, c(t) – 
the controlled variable) 

 
2. Design of feed-forward controller 

 
A simplified engineering method for the feed-forward 
controller design refers to first order plus time delay 
approximations of the controlled process dynamics 
with respect to control and disturbance actions: 
 

 
 exp

1
pr pr

pr
pr

K s
G s

T s





,             (1) 

   exp
1

d d
d

d

K s
G s

T s





,             (2) 

 
where  prG s  and  dG s  are transfer function models 
with respect to control and disturbance actions, 
respectively; K , T  and   are resultant gain, time 
constant and time delay, respectively. 
The design formula of the feed-forward controller is 
[2]: 
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prd
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T sK
s

K T s
 

  


   



 (3) 

 
The transfer function (3) of the feed-forward controller 
contains three terms. The first term compensates for 
the steady-state differences between dG  and prG paths. 
The second term (lead/lag) compensates for the 
differences in time constants between the two paths. 
The last term is a dead-time compensator that 
compensates for the differences in dead-time between 
the two paths. Sometimes the term  d pr   may be 
negative, yielding a positive exponent, and cannot be 
implemented. In present work, we investigate the feed-
forward control realized by replacing of dead-time 
term with the Padé approximation: 
 

 exp 1s s   .   (4) 
 

In this work, performances of 3 structure feed-forward 
controllers were investigated and compared: 
 

 steady-state feed-forward:  

 I d
k

pr

K
G s

K
  ;           (5) 

 
 dynamic feed-forward:  

 
1
1

prII d
k

pr d

T sK
G s

K T s


  


;          (6) 

 
 modified dynamic feed-forward:  

   
1

1
1

prIII d
k

pr d

T sK
G s s

K T s



    


,         (7) 

where 
0pr d     . 

 
3. Simulation results 

 
Performance of the feed-forward controllers in a feed-
back/feed-forward control system was investigated via 
numerical simulation implemented in Matlab/Simulink 
environment. Several transfer function models were 
generated to represent dynamics of controlled process 
with respect to control variable and disturbance. The 
transfer functions, applied in the simulation 
experiments of control systems performance, are given 
in table 1. 
The feed-back controller (PID) was adjusted by 
applying the Integral of Time-Weighted Error (ITAE) 

criterion tuning rules developed for disturbance 
compensation [4]. The modified dynamic feed-forward 
controller (7) in the simulation experiments is realized 
as a lead-lag compensator in series with PD controller 
that realizes the Padé approximation term. 
Simulated performances of the investigated feed-
forward controllers (5)-(7) are evaluated by the 
calculated values of the ITAE criterion presented in 
table 1. The simulation results demonstrate somewhat 
better performance of the modified controller (7) 
compared to that of ordinary lead-lag controller (6). 
Significance of changes in the control system 
performance with different feed-forward controllers is 
assessed by applying the statistical test [5]. The 
hypothesis is tested if the ratio 
  

III

II

ITAE
X

ITAE
        (8) 

 
has mean 1  .  
The used test statistic is: 
 

X
T n

S


 ,        (9) 

 
where X  is the mean of sample of size n , and S  is 
the standard deviation of sample.  
Since 0.9512.153 1.729T t      , the difference in 
the control performance results is highly significant. 
Fig. 2 shows the simulated response (variant No 18 in 
table 1) to a unit step change in disturbance d(t) under 
the investigated feed-forward controllers. The 
improvement provided by modified dynamic feed-
forward control is certainly noticeable.  
 

 
Fig. 2.  Comparison of feed-back and feed-forward control to 
a step change in disturbance (variant No 18 in table 1) 
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Table 1. Compensator parameters and simulation results 
 

V
ar

ia
nt

  N
o 

 prG s   dG s  

Compensator parameters 

IT
A

E
I 

IT
A

E
II
 

IT
A

E
II

I  

d

pr

K

K
 prT  dT    

1  
exp( 3 )
22 1

s

s




 
  

exp( 0.6 )
4 1 6 1

s

s s


 

 1 22.00 7.98 0.063 17.23 7.99 8.00 

2  
exp( 3 )
22 1

s

s




 
   2

exp( 0.3 )
1 6 1

s

s s



 
 1 22.00 6.36 0.95 22.25 6.71 5.38 

3  
exp( 3 )
22 1

s

s




 
   

exp( 0.2 )
0.5 1 1 5 1

s

s s s


  

 1 22.00 5.29 1.51 24.99 12.53 9.47 

4  
exp( 3 )
22 1

s

s




 
   

exp( 0.1 )
0.1 1 1 4 1

s

s s s


  

 1 22.00 4.28 2.01 27.35 19.82 15.19 

5    
1

2 1 5 1 19 1s s s  
 

  
exp( 0.6 )

4 1 6 1
s

s s


 

 1 20.63 7.98 2.85 94.69 52.31 43.61 

6    
1

2 1 5 1 19 1s s s  
 

   2

exp( 0.3 )
1 6 1

s

s s



 
 1 20.63 6.36 3.74 112.78 77.64 64.25 

7    
1

2 1 5 1 19 1s s s  
 

   
exp( 0.2 )

0.5 1 1 5 1
s

s s s


  

 1 20.63 5.29 4.30 124.61 92.18 75.62 

8    
1

2 1 5 1 19 1s s s  
 

   
exp( 0.1 )

0.1 1 1 4 1
s

s s s


  

 1 20.63 4.28 4.80 134.61 105.90 86.30 

9    2

exp( 3 )
1 15 1

s

s s



 
 

  
exp( 0.6 )

4 1 6 1
s

s s


 

 1 15.17 7.98 1.94 40.08 17.90 14.00 

10    2

exp( 3 )
1 15 1

s

s s



 
 

   2

exp( 0.3 )
1 6 1

s

s s



 
 1 15.17 6.36 2.84 54.33 38.16 29.21 

11    2

exp( 3 )
1 15 1

s

s s



 
 

   
exp( 0.2 )

0.5 1 1 5 1
s

s s s


  

 1 15.17 5.29 3.39 62.84 51.87 40.10 

12    2

exp( 3 )
1 15 1

s

s s



 
 

   
exp( 0.1 )

0.1 1 1 4 1
s

s s s


  

 1 15.17 4.28 3.90 70.43 66.49 51.83 

13    2

exp( 2 )
2 1 12 1

s

s s



 
 

  
exp( 0.6 )

4 1 6 1
s

s s


 

 1 12.74 7.98 2.53 47.02 27.99 21.12 

14    2

exp( 2 )
2 1 12 1

s

s s



 
 

   2

exp( 0.3 )
1 6 1

s

s s



 
 1 12.74 6.36 3.42 64.58 51.56 40.85 

15    2

exp( 2 )
2 1 12 1

s

s s



 
 

   
exp( 0.2 )

0.5 1 1 5 1
s

s s s


  

 1 12.74 5.29 3.98 74.58 64.83 51.41 

16    2

exp( 2 )
2 1 12 1

s

s s



 
 

   
exp( 0.1 )

0.1 1 1 4 1
s

s s s


  

 1 12.74 4.28 4.48 83.99 77.97 61.88 

17    
exp( )

0.5 1 2 1 9.5 1
s

s s s


  

 
  

exp( 0.6 )
4 1 6 1

s

s s


 

 1 10.00 7.98 0.19 5.77 2.83 2.85 

18    
exp( )

0.5 1 2 1 9.5 1
s

s s s


  

 
   2

exp( 0.3 )
1 6 1

s

s s



 
 1 10.00 6.36 1.09 14.28 7.22 5.81 

19    
exp( )

0.5 1 2 1 9.5 1
s

s s s


  

 
   

exp( 0.2 )
0.5 1 1 5 1

s

s s s


  

 1 10.00 5.29 1.64 19.18 12.28 9.79 

20    
exp( )

0.5 1 2 1 9.5 1
s

s s s


  

 
   

exp( 0.1 )
0.1 1 1 4 1

s

s s s


  

 1 10.00 4.28 2.15 23.43 17.67 13.96 
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Fig. 3.  Simulation results normalized with respect to IIITAE value 
 
 

4. Conclusions 
 
An approach of the feed-forward controller design is 
investigated, in which a negative dead-time term is 
replaced with the Padé approximation. In the 
simulation experiments the feed-back/feed-forward 
control systems are investigated with the modified and 
the ordinary (steady-state and dynamic) feed-forward 
controllers. Investigation results show statistically 
significant improvement of the control system 
performance with the modified feed-forward controller 
compared with ordinary controllers. The feed-forward 
controllers with the Padé approximation of dead-time 
term are easy realizable and can be usefully applied in 
the feed-back/feed-forward control systems. 
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Abstract: This paper presents a procedure of fuel 
turnover prediction model identification. For the 
identification of the model a multilayer perceptron was 
used. At first, an analysis of turnover data was done and 
the main input parameters were identified. Then the 
multilayer perceptrons were used for the gas station 
turnover prediction. The forecasting accuracy tested 
with a set of real historical data. 
 
Key words: turnover prediction, neural networks, 
multilayer perceptrons. 

 
1. Introduction 

 
Today many companies in Lithuania are forecasting 
turnover, but do this procedure just formally. There is 
little emphasis on the importance of analytical 
information in decision making. Often the importance of 
forecasting is underestimated. Accurate forecasting of 
sales enables companies to respond to demand changes 
as fast as possible, to reallocate of company resources, 
to prevent freezing of the money, optimize inventory 
levels,  and minimize operating costs. Also, choose the 
optimal business strategy taking into account various 
factors such as transportation costs or monetary interest 
rate and so on. 
Use of neural networks based on the fact that a neural 
network in training process has the ability to identify the 
relationship between various factors. Their advantage is 
that here the relationship between various factors are not 
fixed, but are formed during training, using historical 
data. If sufficient amount of data is loaded to network 
training, neural networks are able to identify the 
complex nonlinear dependencies between the variables 
analyzed. 
 

2. Data Analysis 
 

For the identification of the fuel turnover prediction 
model a two-year turnover data of petrol and diesel 
were selected. The data was from 5 fuel stations. Only 
the diesel forecast charts is shown in this paper. After 
discussions with human operators and turnover data 
analysis the possible forecast model inputs were 

identified and selected for model accuracy investigation. 
The following data charts of possible inputs: 

 Fuel flow every day during one year. 
 The quantity of fuel on days of the week. 
 The quantity of fuel in months. 
 The quantity of fuel in days of the month. 
 The quantity of fuel in celebration days. 
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Fig. 1. Diesel flow every day in 2008 
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Fig. 2. Diesel flow every day in 2009 

 
The Fig. 1 and Fig. 2 show that was a decrease of 
turnover in 2009 compared to 2008 because of 
economic crisis. Also a relatively high turnover jumps 
were identified (Fig. 2).  There were removed points 
more than threshold value of 3 standard deviations (std) 
of turnover. Below are presented graphs how the data 
are distributed depending on other selected factors. In 
all figures solid line is a mean value line. 
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Fig. 3. Diesel daily sales in 2008  
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Fig. 4. Diesel daily sales in 2009 
 
The month’s days influence on fuel sales were observed 
in Fig. 3 and Fig. 4. Human operators assured that there 
is dependence on date of payment of salary, but figures 
showed that it is not very significant. Despite the fact 
day of the month will be used as one of input in model 
accuracy tests.  
In Fig. 5 and Fig. 6 turnover during different months 
over two year is presented. Some kind of seasonality 
could be observed especially if investigate fuel stations 
in resort regions.  
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Fig. 5. Diesel monthly sales in 2008 
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Fig.  6. Diesel monthly sales in 2009 
 
As the month has some influence to fuel sale, this input 
will be used as one of the model inputs. 
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Fig. 7. Diesel weekly sales 
 

In Fig. 7 is presented a turnover during week days. 
These figures showed reliable dependence. It was 
defined that most of the fuel sold on middle of the week 
and significantly less in weekend. Thus days of the 
week have an impact on fuel sales they will be used as 
one of the forecasting model input. 

In Fig. 8 and Fig. 9, celebration days are marked with a 
slash and are a fifth day. From the data provided, the 
purchase of fuel increase is visible before or after a 
holiday, depending on whether the Holiday falls. If they 
fall on a weekend and this weekend has three or more 
days off a significant increase of turnover could be seen. 
Or if they fall in the middle of the week the impact on 
fuel sales is not significant. As the celebration days have 
an impact on fuel sales, they will also be used as one of 
the network inputs. 
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Fig. 8. Celebrations in 2008 
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Fig. 9. Celebrations in 2009 
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After the analysis of available data the possible neural 
network inputs was identified:  
 
• Day of the week 
• Celebrations 
• Day of the month 
• Month 
• Multi-day sales 
 
Experimental investigation will determine which set of 
inputs allows the fuel to achieve maximum accuracy of 
turnover prediction. 

 
3. Model identification 

 
Artificial neural networks have been selected as this 
technique is suitable for nonlinear simulation. Neural 
networks have been successfully used in many fields 
such as identification, classification and nonlinear 
modeling [1-4]. It is also convenient to use the ANN, 
the need to adapt the model parameters or to select an 
appropriate model structure. A requirement for model 
was to achieve the best possible accuracy of the 
turnover prediction. 
In this work MATLAB software is used. A multilayer 
perceptron type neural network structure is presented in 
Fig. 10. 
 

 
 

Fig. 10. Neural network model 

The network has input layer, one hidden layer with 
different number of neurons and one output neuron. 
Hidden layer neurons have hyperbolic tangent transfer 
function and output neuron - a linear transfer function. 
ANN was trained by Levenberg-Marquardt training 
algorithm. Training on the training data set continues as 
long the training reduces the network's error on the 
validation vectors. After the network increase error on 
validation data, training is stopped. This technique 
automatically avoids the problem of over fitting.  

4. Experimental investigation 

Simulation accuracy depends on the input set. 
Experimental investigation was done with all possible 
input sets in order to define the best one. Data were 
divided in to three parts: training, validating and testing. 
After neural network training accuracy was tested on 
testing data by sum squared error evaluation. Results are 
presented in table 1. 

 

 

Table 1. Results of experimental investigation 
 

Input sets sum squared error 

[M MD SD S 30D] 6.1167*108 

[M MD SD S 20D] 5.4880*108 

[M MD SD S 10D] 6.3053*108 

[M MD SD S 7D] 6.8097*108 

[M MD SD S 6D] 7.2990*108 

[M MD SD S 5D] 6.6341*108 

[M MD SD S 4D] 7.8049*108 

[M MD SD S 3D] 7.9634*108 

[M MD SD S 2D] 7.3802*108 

[M MD SD S 1D] 7.8772*108 

[M MD SD] 1.2668*109 

[M MD] 1.8760*109 

[M MD 20D S] 1.3245*109 

[M MD 6D] 1.5636*109 

[M SD S 7D] 7.2851*108 

[M MD 5D] 1.8634*109 

[M MD 3D S] 1.0547*109 

[M SD S 20D] 6.4540*108 

[M SD S 10D] 6.7923*108 

[MD SD 1D] 8.7897*108 

[MD SD 7D] 7.0056*108 

[SD S 2D] 7.5056*108 

[SD S 30D] 5.9780*108 

[MD SD S 7D] 7.1208*108 

 
Input variables: 

 M – Month, 
 MD – Day of the month, 
 SD – Day of the week,  
 S – Celebrations. 
 (number)D – amount of turnover during 

specified number of days, 
 

Experimental investigation showed that the minimum 
sum squared error obtained with inputs collection that 
consists of: Month, day of the month, day of the week, 
holidays, and the amount of turnover during last 20 
days.  
It looks quite strange that sum of twenty days sales have 
so big influence to forecast accuracy. Further examine is 
continued. Inputs like month, day of the month, day of 
the week and celebrations were fixed. Only number of 
days for amount of turnover calculation was changed in 
range 10:1:30 days. Results of this additional 
experiment are presented in Fig. 11. 
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Fig. 11.  Results of additional experiment 
 

Investigation showed that the best set of inputs is 
month, day of the month, day of the week, celebrations 
and sum of turnover during 18 days. 
Below is presented one fuel station real data and 
predicted turnover of diesel. 
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Fig. 12. Comparison of real and predicted turnover 

The real turnover and forecasted data comparison 
showed that neural network is able accurately predict 
the sales increases or decreases with small error. These 
errors occur because of unpredictable factors such as 
fuel duty changes, movable holidays or rainy days on 
weekend. 
 
 
 

6. Future works 

There is a need to forecast fuel turnover for next day or 
for a week in the market. If companies have forecast 
few days ahead they can choose the optimal operation 
strategies. They can minimize the cost of sales and 
maximize profits. Our future works will be an 
investigation of optimal business strategies for fuel 
station by using investigated turnover prediction model.  
 

7. Conclusions 

In this work the turnover prediction model has been 
identified. For the turnover prediction model 
identification the artificial neural networks was used.  
The influences of different sets of input were 
investigated. The model was used for the identification 
of the best set of inputs. The performance of artificial 
neural network forecasting model was evaluated by 
comparing the mean squared error and the real data. 
Turnover prediction with artificial neural networks has 
been very encouraging, but further experimental studies 
are needed.  
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Abstract: Paper presents submersible wastewater pumps 
control system analysis and its optimization. Real plant 
measurement data was used to model the system. 
Submersible pumps of investigated system can’t work 
with less than 70% of their productivity. When three 
parallel pumps are used, this becomes a big disturbance 
for cascade level control system used in the plant.  
Existing control system algorithm was modified to 
minimize the number of starts of wastewater pumps also 
minimizing disturbances to the further biological 
treatment process.  
 
 
Keywords: wastewater pumps, optimization algorithm, 
technological process, mathematical model.  
 

1. Introduction 
 
Recently, Lithuania is actively proceeding on improving 
water and sanitation facilities construction and 
renovation work, which is quite important for 
wastewater treatment and drinking water treatment 
processes. In most cases, at the beginning of exploitation 
of new systems, one can notice inefficient tuning of new 
devices. They are not properly adjusted to operate 
optimally. Therefore, as an example, this article 
examines the distribution chamber in Kaunas 
wastewater treatment plant.  There is a level control 
cascade system controlling three submersible 
wastewater pumps (plus one reserved pump) in order to 
maintain the level of water in the distribution chamber. 
Pumps work in parallel mode. More complex 
configurations can be used for different tasks [1], but is 
not necessary in this case. Submersible wastewater 
pumps used in this system can work only above 70% of 
their productivity according to the technical 
specification [2]. With every start of the pump, this 
creates a big disturbance in the level control system and 
the biological treatment process, because the pumps are 
very powerful. In order to manage and optimize the 
distribution chamber wastewater pumps system 
performance, the water pumps and distribution chamber 
simulation mathematical models were created using 
Matlab/Simulink environment. In this paper, current 
control system structure will be maintained and 

optimization will be performed by tuning controllers’ 
parameters. Optimization target is to minimize number 
of wastewater pumps starts maintaining the constraints 
of minimal and maximal level in distribution chamber. 
In this article, the mathematical models, graphs, detailed 
analysis, and detailed results obtained during the 
investigation of described problem are presented. 
 

2. Technological process description 
 

Wastewater to distribution chamber comes from the 
primary settlers and is lifted to aeration tanks by three 
submersible pumps [3]. There is a level meter in the 
chamber and flow meters of incoming and effluent flow. 
The structure of distribution chamber is shown in Fig. 1. 

 
Fig. 1. Scheme of distribution chamber 
 
Wastewater pumps are controlled by level control 
system (Fig. 2). Performance of the system is not 
optimized, because the system is trying to control 
wastewater level inside the distribution chamber, but the 
actual level is not important as long as it is not outside 
the permissible range. Poor system performance is 
shown in Fig. 3, where the measurements of inlet and 
outlet flows are presented. The effluent stream swings 
dramatically, and this means that wastewater is 
switched on and off too often, especially at night when 
incoming flow of wastewater sometimes is less than 
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minimal productivity of one pump. So it is clearly 
visible that pumps are working not properly. While the 
incoming wastewater flow into the chamber swings very 
little, the effluent flow swings very sharply indicating a 
poor working mode of the pumps. In the Fig. 3 one can 
see flow fluctuations in distribution chamber. 
 

 
Fig. 2. Distribution chamber with the feedback scheme 
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Fig. 3. Inlet and outlet flows fluctuations 
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Fig. 4. Wastewater level in distribution chamber fluctuations 
 

Frequent pump starting can make the whole control 
system unstable. Fig. 4 shows wastewater level changes 
in wastewater distribution chamber at night, when level 
drops dramatically. It is clearly visible that at night 
wastewater level changes very often. 
 

3. Control system model 
 
One needs to determine what waste streams are supplied 
and removed from the wastewater distribution chamber, 
and is very important to properly identify and 
implement a mathematical model of these flows, since it 
is used for the optimization of the process. Input 
variables of the simulation model of the distribution 
chamber are: 
 
- inlet flow Fi; 
- outlet stream F; 
 
Output variable: 
 
- the level of the distribution chamber h. 
 
The cross-section area of distribution chamber is Ac = 
40,71 m2, the distribution chamber height hmax = 4,41 m. 
Mathematical model of the process consists of the 
process mass balance [6,7] and is realized using 
Matlab/Simulink tool DEE (Differential Equation 
Editor). A mathematical description of the distribution 
chamber: 

                             
C

i

A

FF
dtdh

)(
/


 ,                     (1) 

iF  - inlet flow m3/h,  

F - outlet flow m3/h,  

cA  - radius of camera, m2.  

  
In Fig. 5, the mathematical model of distribution 
chamber and DEE (Differential Equation Editor) block 
is shown. 
 

 
 
Fig. 5. Wastewater distribution chamber model created in 
Matlab/Simulink 

 
Below the controller parameters and transfer functions 
are presented: 
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Level controller parameters, the transfer function: 
 
Kcontr_level= -1.5 % /% 
Tint_level = 52 s 
Tdif_level = 60 s 
Tf = 4 s 
 

1 1 60
1 ( ) 1.5 1 ( )

s 1 52 4 1
dif

r
int f

T s s
U(s) K E s E s

T T s s s

               
 (2) 

 
Flow controller settings, the transfer function: 
 
Kcontr_flow = 0.324 % /% 
Tint_flow = 4 s 
 

1 1
1 ( ) 0.324 1 ( )

s 4r
int

U(s) K E s E s
T s

           
 (3) 

 
Kcontr_flow – flow controller gain coefficient, 
Tint_flow –flow  integral time constant, 
Kcontr_level – level controller gain coefficient, 
Tint _level–level  integral time constant, 
Tdif _level–level differential time constant, 
Tf – filter time constant of the differential component. 
 
Pumps models are identified from step reactions and 
approximated using the first order transfer function with 
time delay. Transfer function of the pumps is: 
 

s 1,415se 0,01625e
W (s) ,

s 1 3,2595s 1

a
a

a

k

T

 

 
 

             (4) 

 
where:  

ak  – gain coefficient, 

a - time delay, 

aT  – resultant time constant, 

s  – Laplace operator. 
 

After all the characteristics of engines are determined, 
the frequency should be described for the signal 
growth/fall phases taking into account the speed limits. 
This can be done by means of "Rate Limiter" block. In 
this box, one can define the parameters of signal 
growth/fall phases. In the motor-drive, the following 
parameters were set: 
 

Ramp up time = 3 s 
Ramp down Time = 30 seconds; 

 
These power settings enable the increase of engine 
speed from 0 rpm to a maximum not less than in three 
seconds, and the reduction of engine speed not faster 
than in 30 seconds. The sum of engine performance 
characteristics is given as a percentage. 
The cascade control system (Fig. 6), used in the plant 
has two controllers: flow controller in the faster inner 
control loop and level controller in the outer loop as a 
master controller. Level controller is working according 
to PID algorithm, and the flow controller implements PI 
algorithm. 
 

 
Fig. 6. Cascade control system Matlab/Simulink model 

 
4. Comparison  of simulation and experimental 

results 
 

•  Effluent flow simulation and experimental data for 
comparison 
 
In comparison Fig. 7, a simulated effluent flow and the 
experimental data are shown. From the graph presented 

in Fig. 7 (which compares the experimental flow with 
modeled results) it can be seen that the model accurately 
reproduces the experimental data. So all the simulation 
works correctly and the pump engine was estimated 
correctly. The experimental data and modeling 
correspond to each other, although are not identical. A 
slight difference between data can be noticed due to fact 
that the model used is not always able to accurately 

141



restore the precise details that cause an outside 
interference. One reason for such behavior could be the 
incorrect flow meter position in the system (so it may 
measure the flow inaccurately). 
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Fig. 7. Modeling and experimental data for comparison (outlet 
flow) 

 
• The level modeling and experimental data for 
comparison 
 
Fig. 8, which is presented below, shows how different 
experimental results and the Matlab/Simulink model 
simulation correspond to each other. 
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Fig. 8. Modeling and experimental data for comparison (level) 

 
Fig. 8 shows that experimental and modeling results are 
slightly different, but like it was mentioned before, it 
can’t take into account the external factors in the model. 
It should be said that the model quite accurately 
reproduces the experimental data, so the optimization 
procedure of the control system can be performed using 
the identified model. 

 
5. Optimization algorithm, results and discussions 
 
After the modeling was performed, a random search 
algorithm was chosen for the tuning of controller 
parameters. Using this algorithm, the optimal 
parameters for both controllers will be calculated. An 
object of optimization is to reduce engine starts number, 
because accurate level control is not essential for 
technological process. Objective function has following 
form: 
 

 
 

_ _

_ min

J Engine1 start Engine2 start

Engine3 start

  

 
 (5) 

 
Engine1_start, Engine2_start, Engine3_start – 
corresponding engine numbers of starts through 
simulation period, calculated by Simulink model. 
 
The random search algorithm was implemented in 
Matlab environment for the objective function 
minimization with the following steps: 
1. Starting values of the controllers’ parameters are 
selected x0. 
2. Objective function value is calculated. 
3. Mutation of the parameters is performed. This is done 
by adding small deviations to the parameter x0. For this 
purpose, one usually uses Gaussian distribution random 
variables with zero mean and the unit variance. In this 
way, a new set of parameters is generated for 
optimization. 
4.  New objective function value is calculated. 
5. Improvement of the objective function value is 
checked: 
• if the criterion value has not decreased or level 
constraints are not satisfied,  the procedure is repeated 
from the 3rd step; 
• if the criterion value has decreased and level 
constraints are satisfied, new value of objective function 
and optimal parameters are recorded and procedure 
continues from the 3rd step. 
6. The procedure is usually completed, when the 
selected number of iterations is achieved. 
Below, the formula, which calculates the new 
parameters for optimization, is shown: 
 

0 .0 5 d e l t a _ s t e p p _ o p t                          (6) 

  p p_opt delta_step rr                                     (7) 

 
p – flow and level controllers’ parameters vector; 
p_opt – flow and level controllers’ parameters vector 
(optimal); 
delta_step – parameters change size vector; 
rr – random numbers vector from interval [-0.5…0.5]. 
 
Optimal parameters are saved in the algorithm, when 
following conditions are fulfilled: 
 
crit<min_crit , C>min_level , C1<max_level. 
min_level – minimal level value. 
max_level – maximum level value. 
C – minimum value in optimization. 
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C1 –maximum level value in optimization. 
crit – engine starts number. 
min_crit – minimized criterion (engine starts number). 
 
Maximum level of wastewater in distribution chamber 
can’t be higher than max_level=4.2 meters, and 
minimum level in chamber can’t be lower than 
min_level=1 meter.  
Optimization procedure was performed with three 
different controllers’ combinations – PID-PI, PI-PI, PI-
P. After the first controllers combination optimization it 
can be seen that the level in wastewater distribution 
chamber satisfies constrains that were defined in the 
algorithm, because C=2.5189 and C1=3.8725 constrains 
are satisfied. 
In Fig. 9, the graph of reduced optimization criterion 
(engine starts number), which was reached after 600 
iterations, is shown.  
It is clearly visible that number of engine starts 
(wastewater pumps) was reduced from 384 engine starts 
until 371. So it can be said that the random search 
algorithm works correctly, although criterion reduction 
is moderate. 
Table 1 shows the wastewater flow and level controller 
parameters before optimization and after optimization 
was done and new set of parameters was found. Level 
controller works according to PID algorithm and flow 
controller works according to PI algorithm. 
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Fig. 9. Optimization criterion (engine starts number), PID-PI 
 
Table 1. Controller parameters before and after optimization 
(PID and PI) 

 
In Fig. 10, the graph of optimization criterion (engine 
starts number), which was reduced after 600 iterations, 
is shown, when flow and level controllers work 
according to PI algorithm.  
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Fig. 10. Optimization criterion (engine starts number), PI-PI 
 
Fig. 10 shows that optimization criterion (engine starts 
number) was reduced from 403 until 382 and the value 
is not better as compared to the previous results. 
Table 2 shows the controller parameters, when level 
controller works according to PI and flow controller 
works according to PI algorithm.  
 
Table 2. Controller parameters before and after optimization 
(PI and PI) 
 
Nr. Controller 

parameters 
Before 

optimization 
After 

optimization 
1. Kcontr_level -5 % /% -5.8 % /% 

2. Tint _level 52 s 56.7 s 

3. Kcontr_flow 0.324 % /% 0.35 % /% 
 

4. Tint_flow 4 s 4.49 s 

 
Best results were achieved with third controllers’ 
combination (PI-P). In Fig. 11, the optimization 
criterion (engine starts number), which was reached 
after 600 iterations, reducing the value from 316 to 255, 
is shown. I. e., the smallest number of engine stars was 
reached, when level controller works according to PI 
algorithm and flow controller according to P algorithm. 
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Fig. 11. Optimization criterion (engine starts number), PI-P 
 
Table 3 presents controller parameters, when level 
controller works according to PI and flow controller 
works according to P algorithm. 

Nr. Controller 
parameters 

Before 
optimization 

After 
optimization 

1. Kcontr_level -1.5 % /% -1.796 % /% 

2. Tint _level 52 s 78.58 s 

3. Tdif _level 60 s 76.624 s 

4. Tf 4 s 4.44 s 

5. Kcontr_flow 0.324 % /% 0.3785 % /% 

6. Tint_flow 4 s 5.083 s 
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Table 3. Controller parameters before and after optimization 
(PI and P) 
 

Nr. Controller 
parameters 

Before 
optimization 

After 
optimization 

1. Kcontr_level -5 % /% -5.252 % /% 

2. Tint _level 50 s 52.9 s 

3. Kcontr_flow 10 % /% 10.79 % /% 

 
6. Conclusions 

 
Wastewater distribution chamber mathematical model 
was created. It reproduces the real process with the 
sufficient accuracy. The model was used for 
submersible wastewater pumps control system 
optimization. Objective function was to find minimal 
engine starts number using current control system 
structure with different controller algorithms. The 
minimal value was reached, when level controller works 
according to PI algorithm and flow controller works 
according to P algorithm. Optimization criterion was 
minimized by 33% - from 384 (with PID-PI algorithms) 
to 255 (with PI-P algorithms). The further task will be 
to offer more simple control system structure to control 
process. 
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Abstract: In this paper the optimization task of reserve 
capacity and generated power with the aim to increase 
the reliability of electrical power system functioning is 
considered. If generating company gets profit from 
energy selling then from maintaining spinning reserve 
capacity also the same income is expected. This paper 
describes three different variants of reserve distribution 
in integrated energy market. It considers reserve 
distribution process on the system with the example of 
electrical power system scheme, taking into account the 
total profit function’s maximization.  
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Keywords: Energy market, power generation, 
generating company, profit, spinning reserve. 
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1. Introduction 

1 empty line using 10-point font with single spacing 
The market relationships and competition between 
producers and consumers of electricity significantly 
increase the number of problems that characterize the 
operation of power systems. Those relations structure 
leads to a new class of problem formation that had no 
place before the introduction of market mechanisms in 
energy operation. There are such problems as: analysis 
of electricity supply and demand, power reserves 
optimization in the power system, formation of tariffs, 
the technical services market formation, etc [8]. 
The market relationship’s development creates a 
competitive area between participants, as a result 
suppliers and buyers compete among themselves for the 
possibility to buy and sell electricity and system 
services. The electrical power system can not safety 
operate without generating capacity reserve. Spinning 
reserve is generating capacity that is spinning and 
synchronized with the system and available to serve 
load on a moment’s notice. Utilities must maintain or 
purchase some generating capacity as spinning reserve 
to serve loads in the event that operating generating 
units, transmission lines, or other equipment that is 
serving load suddenly or unexpectedly fails [1]. 
In a market conditions at simultaneous problem solution 
of ensuring the reliability and increasing economical 

effectiveness of electrical power system (EPS) is need 
to take into account conditions of competition increase, 
such as transparence and optimality of decision-making, 
which effects to the revenue and participants charges. 
Therefore become actually to develop a new algorithm 
of simultaneous competitive selection of energy 
suppliers and system service suppliers. 
Generating companies are able to realize influence 
strategy in the market, so they can affect the selling 
energy price as well as the cost of providing spinning 
reserve [3]. 

1 empty line using 10-point font with single spacing 
2. The objective function of generating company 
1 empty line using 10-point font with single spacing 

The main reason of energy market participants is to get 
some income from deals. So, the aim of the generating 
company, whose are participating in a integrated energy 
market and spinning reserve, is to maximize profit from 
the participation in both activities taking into account 
additional composes of profits, which can be retrieved 
or lost, depends on competitors behavior understanding. 
Thus, the objective function of optimization problem 
and optimization criterion (profit maximization) can be 
written as follows: 

  
 RG BBF max ,   (1) 

at 0g  and 0h . 

  
In this objective function the optimization criterion is to 
maximize profit. Such task is solved by varying the 
price and volume of supplies by bilateral contracts. 
Optimization task has a range of market and 
technological constraints in the form of equality (g) and 
inequality (h). 
Each generating company may have flow of money 
from energy selling and from spinning reserve selling. 
1) The first flow of money what the generating 
company is getting – is profit from the participation in a 
market of electricity [7]: 
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where 

iGc ,
 - the power nodal price of generating 

company; )( ,, iGiG PC  - the generation power cost 

function; 
iGP ,
 - an amount of power. 

2) The second flow of money generating company 
receives from participating in the spinning reserve 
market. 
Separate reserve market with their bid prices actually 
does not exist. The system operator selects the power 
generators for providing reserve. At the same time 
direct competition does not happen here between the 
service providers and the result becomes not optimal in 
terms of social welfare. In this paper we consider the 
variant of obvious competitive service providing of 
reserve, which are based on the bid prices and 
competitive selection. 
Power producer for the participation in the power 
reserve market has ability to divide their production 
capacity into two components. One of this he can 
declare in the form as generating power PG,i and selling 
by set price cG,i, but the second can leave as 
underloaded Ri and selling by a price cR,i. 
The generating company submits bid prices ci for 
reserve providing in amount equal Ri. The generating 
company receives some profit in the case of a 
successful result on the market. This profit is difference 
between income from the reserve sale and the cost of its 
maintenance, i.e.: 
 

  
i

iRiRiR RcB )(  ,   (3) 

 
where 

Ric  - the nodal price of reserve, which are 

predicted with generating company; Ri  - a coefficient 

of reserve cost function; 
iR  - an amount of reserve, 

which are predicted with generating company [3]. 
The costs incurred as a consequence of maintaining and 
supplying the reserves, and hence the costs that 
influence the price, may vary from one system to 
another depending on the system characteristics. The 
costs will also vary depending on producers and loads. 
For a producer, for example, the cost elements are the 
fixed capital costs, the variable operating costs (fuel 
costs, lost market-opportunity costs, etc.), the fixed and 
variable maintenance costs, the fixed and variable taxes 
and the fees (e.g. transmission fees) [4]. 

1 empty line using 10-point font with single spacing 
3. The example of market which includes spinning 

reserve  
1 empty line using 10-point font with single spacing 

The market relations of energy producers including the 
spinning reserve are considered here. We need to define 
the distribution of generated power and reserve for an 
equivalent scheme of electrical power system (EPS), 
which is presented in Figure 1. The given scheme 
consist of generating companies (t.i. generators, they 
provide energy) and consumers (loads on the node). 

1 empty line using 10-point font with single spacing 

1 empty line using 6-point font with single spacing 
Fig. 1. Scheme of the test 

1 empty line using 10-point font with single spacing 
As we can see from the EPS scheme (Fig.1.) the total 
customer load is: 

MWPPPPP ddddid 56005,4,3,2,,  . 

The power losses are included in the load. We assume 
that the network is homogeneous and the length of all 
lines is the same 100 km [5]. 
In the first instance are considered the optimal 
distribution of power flows and reserve for whole 
system. In the second instance – a reserve is distributed 
proportionally toward station’s generated power. In the 
third instance the variant of reserve’s equable 
distribution between stations is considered. 
The cost characteristics of power stations are shown as: 
 
 2)( iiiiiii PPPC   ,   (4) 

 
where 

i  - is the constant component of cost or profit; 

i  un 
i  – are parameters, that reflects the power 

stations cost functions or consumer’s income. 
Parameters, which are reflecting for each power station 
cost functions, are shown in a Table 1 [2, 6]. 

1 empty line using 10-point font with single spacing 
Table 1. Power stations parameters  

1 empty line using 6-point font with single spacing 

 G-1 G-2 G-3 G-4 G-5 

i ,€/h 1500 1400 1200 1000 1300 

i ,€/MWh 55 55 46 45 50 

i ,€/MW2h 0,08 0,08 0,04 0,02 0,06 

1 empty line using 10-point font with single spacing 
The solution of this task must be obtained at observance 
the technological limitations of generation (in MW): 

2000200 1  gP ; 1700100 2  gP ; 1400100 3  gP ; 

1800150 4  gP ; 800200 5  gP . Generating 

company G-6 does not participate in energy market 
( 06 gP ) and hence 6th node are intermediate. To 

ensure the reliability of electric power supply for whole 
system the required reserve (

iR ) should be (the most 

powerful unit of the system): 
2000)max(  Gisystem PR MW. 
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We use the marginal approach for formation the selling 
price of electricity by each producer i (where i=1, 
2,...N),. The energy system relative increase of cost on 
the node i will be determined with expression [8]: 
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 2 .   (5) 

 
We assume that producer’s i selling price, taking into 
account expected profit, greater than the marginal cost 
by 10%. Thus the selling energy price on the node may 
equal to: 
 
 )2(1,1 GiiiGi Pc   .   (6) 

 
The price for maintenance in the node reserve can also 
be written as [8]: 
 
 )2(1,0 iiiRi Rc   .   (7) 

 
For optimization the considered scheme the objective 
function of total profit we can rewritten with 
considering (2) and (3), as: 
 
 max,,  

i
iR

i
iG BBB .   (8) 

 
The proposed model’s optimization was made with 
using the Excel solver software where were set 
companies criterion of the total maximum profit. It 
helps to define most economically profitable generation 
for given nodal load values of our scheme The bid 
prices were given as function (6) and (7) dependences 
from demanded capacity of generation and reserve. 
The bid prices and corresponding them capacities for 
the first instance of optimal reserve distribution for the 
whole system are given in Table 2 [5]. 
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Table 2. The systems’ distribution of generated power and 
reserve  

1 empty line using 6-point font with single spacing 

Parameters G-1 G-2 G-3 G-4 G-5 
P, MW 2000 1700 1400 150 350 

cP , 
€/MWh 

412,5 359,7 173,8 56,1 101,2 

R, MW 0,00 0,00 0,00 1650 350 
cR , 

€/MWh 
5,50 5,50 4,60 11,10 9,20 

Company 
profit 

392800 283990 98120 17530 11190 

1 empty line using 10-point font with single spacing 
As it follows from established results in Table 2 
generating companies G-1, G-2 and G-3 operate for a 
full capacity. In this case those companies get maximum 
amount of profit from sold power, at the same time do 
not take part of solving the problem of reservation in 
the system. At the same time G-4 and G-5 are partially 
loaded and they provide required reserve for system. 
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Fig. 2. Sold-out sum of generation and reserve power for the 
first instance  

 
Comparison of distribution capacities and reserve 
between stations are shown in Fig.2. The total amount 
of profit for the whole system taking into account (8) is: 

IB
 = 803630.0 €. 

For second instance we are counting power distribution 
considering that the reserve is distributed proportionally 
to generated power, the results are given in Table 3. 
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Table 3. Power distribution considering the proportional 
distribution of reserve  

1 empty line using 6-point font with single spacing 

Parameters G-1 G-2 G-3 G-4 G-5 

P, MW 1473,7 1252,6 1031,6 1252,6 589,5 

cP,  
€/MWh 

319,87 280,96 141,38 104,62 132,8 

R, MW 526,32 447,37 368,42 447,37 210,5 
cR,  

€/MWh 
13,92 12,66 7,55 6,29 7,53 

Company 
profit 

221720 160385 56205 44109 26950 

1 empty line using 10-point font with single spacing 
For Table 3 generating companies must provide the 
reserve (with amount of %7,35  from maximum 

power of each station) to ensure the reliability of 
electric power supply for system, so G-1, G-2, G-3, G-4 
and G-5 are not fully loaded. 
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Fig. 3. Sold-out sum of generation and reserve power for the 
2nd instance  

1 empty line using 10-point font with 
From 3rd Figure we can see that each station makes 
reserve of power, reducing in this way the amount of its 
own profit. The total amount of profit for the second 
instance: IIB

= 509368.4 €. 

Similarly, for the third instance we are counting power 
distribution considering that the reserve is distributed 
equally among the stations, the results of calculation are 
given in Table 4. 

LINE USING  
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Table 4. Power distribution considering the equable 
distribution of reserve  

1 EMPTY LINE USING 6- 
Parameters G-1 G-2 G-3 G-4 G-5 

P, MW 1600 1300 1000 1400 300 
cP , 

€/MWh 
342,1 289,3 138,6 111,1 94,6 

R, MW 400 400 400 400 400 
cR , 

€/MWh 
11,90 11,90 7,80 6,10 9,80 

Company 
profit 

257120 171350 53320 53780 9300 

USING 10-POINT 

For Table 4 all stations are forced to maintain the same 
amount of reserve equal to 400 MW (equable 
distribution of total reserve). All generators provide for 
the system the required amount of reserve. 
In this instant each station reserves the same amount of 
power with that reducing the profit. The total amount of 
profit for the third instance: IIIB

= 544870.0 €. 
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Fig. 4. Sold-out sum of generation and reserve power for 3rd 
instance 
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The total profit is decreasing for the whole system in the 
second and third instances, because all generators were 
forced to provide a certain amount of the reserve, 
thereby limiting their own opportunities of generated 
power selling.  
The generating companies profit is shown in Fig.5.  
empty line using 
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Fig. 5. Generating companies profit comparison depending on 
reserve distribution models  
1 empty 1 1 empty line using 10-point font with single 

4. Conclusions 
1 empty line using 10-point font with single spacing 

Various instances of combined optimization of 
generated power and reserve distribution for EPS were 
considered. 

Obtained results of spinning reserve allow choosing the 
most effective distribution for getting the maximum 
profit for the whole system. The most effective is the 
first instance. In this case, distribution of reserve and 
generated power is produced by maximizing the total 
profit for the system, for reservation those generated 
companies were selected which bring less total revenue 
for the system. 
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Abstract: The duality concept in the competitive 
electricity market optimization task allows determining 
the electricity nodal prices. The direct task can be 
solved with the simplex method of linear programming. 
The nodal price can be realized by solving the dual task 
at the accepted limitations. The authors consider the 
influence of limitations on the nodal prices. The 
calculations have shown that, with account for the 
technological limitations, the generators of cheap 
electric power should sometimes be off-loaded (or even 
switched off), the generators of more expensive electric 
power to be used instead. As a result, in different nodes 
of a power system differing prices could form. 

 
Keywords: The duality concept, nodal price, 
optimization. 

 
1. Introduction 

 
If we ignore system limitations and technical losses, the 
calculation of the competitive equilibrium price for the 
market participants is relatively simple. To determine 
the equilibrium price consumers and sellers bids on 
each of the daily hours are ranked by the price (the 
sellers bids - in ascending order, while the consumers 
bids - descending) and are separate summed. 
Consumers and suppliers bids form stepped curves of 
demand and supply (Fig.1), the intersection of which 
determines the balance price corresponding to the 
equality of supply and demand Wsuply=Wdemand [2]. 
In the supposed model, the electricity amount can be 
approximately defined by multiplying the value of 
active power with the adopted time interval value (1 

hour), it means tPW ii  , where 1t  hour. 

The objective function of the task can be expressed as: 
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where djc , gic  – buyers’ / sellers’ price bids; 

djP , giP  – announced hourly capacities of electricity 

consumption / production;  
d – consumption at the node; 
g – generation at the node; 
G, D – the number of generators and load nodes, 
respectively [1]. 
 

 
 

Fig. 1. The equilibrium price determination in a flexible 
market 

 
There are two factors that affect the price formation at 
the energy power system (EPS): the system limitations 
and technical losses. The system limitations include 
network limitations, which are given by certain network 
splits throughput capacity limits. Those limits are 
calculated to prevent the system’s overload and stability 
losses. The technical losses in the electrical power 
networks arise because of the electricity transmission 
[3].  
To determine the power equilibrium price and volume, 
taking into account the system's limitations and losses is 
necessary to use appropriate software. 
Solving the total task of the divided auction results 
calculation, we need to find out the function’s (1) 
maximum, considering limitation of the power flow ijP  

*c  

Wsuply=Wdeman

   Equilibrium 
price 

Price, c (€/MWh) 

Power, W 
      (MWh) 

 
The demand curve  

 
The supply curve  
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from node i to node j along the line ij or limitation of 
power flow sum on the controlled splits S 
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as well as the balance limitations at nodes  
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for each node i. 
As a result at each network node will form the 
individual equilibrium price – the nodal price. The 
nodal prices are the most exact instrument of cost 
assessment for the electricity supplying to a certain 
network point [4].  
The nodal prices are calculated for each network node, 
considering each market participant's attachment to the 
certain network node (or several nodes). 

 
2. The duality concept 

 
The direct task of competitive electricity market with 
the objective function (1) and limitations (2) and (3) is 
the linear optimization task, which can be most 
effectively solved using the simplex method of linear 
programming. This calculation allows finding out the 
minimum value of the objective function (1), the 
generating equipment structure and the load, the power 
flows on the controlled lines, considering all limitations.  
The duality concept use in the linear programming 
allows significantly increase the information’s volume 
of the obtained optimization task result. In the issued 
competitive electricity market optimization task it 
allows to determine the electricity nodal prices. 
The basic duality theory is that each of the linear 
programming tasks has another linear programming 
task, which solution is closely connected with solution 
of the output task. They are direct and dual tasks. 
Between the solutions of the direct and the dual task 
several important relevancies exist, which are useful for 
the research of optimal solution’s common 
characteristics and for verifying the optimality of 
acceptable solution. The optimal dual solution can be 
interpreted as the assessment group of resources, which 
participate in limitations. The final case has an 
important role in the sensitivity analysis.  
According to the Kuhn-Tucker theorem each of 
variables of the direct optimization task correspond 
variable of the dual task. If this variable is included in 
the active limitation, its value is different from zero. If 
this variable corresponds to passive limitation, its value 
equals to zero. If there are stricter limitations on one of 
the tasks, so limitations on the second task are more 
liberal. The expression of this balance is the Slater’s 
condition, which is necessary and sufficient for the 
direct and dual variables giving the same (for the 
objective function value) optimal solution [5].  
Every direct task of the linear programming has some 
corresponding dual task that is in quite another variable 

space, but with the same objective function optimal 
value (if any exist). The both tasks are symmetrical to 
each other and determined solution allows economically 
interpret the values of the dual variables. At the 
optimum point the dual variables are defined as the 
relative assessment of the direct linear programming 
task’s additional variables. 
Going from one task to another, we need to observe 
following: 
1. The number of variables on the one task is equal to 
number of limitations on the second task; 
2. The matrix of coefficients A for the one of the task’s 
variables respectively to the second task is the 
transposed AT; 
3. The limitations of tasks are opposite (≥ signs are 
changed to the ≤ and vice versa); 
4. The direct task has non negativity condition for 
variables; 
5. One of the tasks defines the minimum of linear 
functions, the second task defines maximum. 
The nodal price can be realized by finding the dual 
variables at the accepted limitations. The nodal prices 
objectively reflect evaluation of the conditional 
resources (generation, system limitations and losses). 
These valuations determine the degree of resource 
deficit. So valuations of fully used resources are 
different from zero, but not valuations of incomplete 
used resources equals to the zero value. These 
valuations are called hidden, accounting or shadow 
prices, which are determined as the result of finding the 
dual variables’ values. 
The dual variables are determined by solving the dual 
task in the ratio to the direct task. The dual task allows 
assessing the direct task’s solution [7].  

 
3. Direct task 

 
So we will solve the optimization task for electrical 
power system (Fig.2.) working with full equipment. The 
solution of this task we will make using the linear 
programming method. At Table 1 are given capacities 
of EPS generators and their price bids. We assume that 
the network is homogeneous. Due to the network 
limitations on power flow along the line l5 we have 

90max
5 lP  MW. 

 
Table 1. The information about generation 

 

Generator Nr. 1 2 3 4 
max

giP , MWh 200 200 200 200 

min
giP , MWh 100 100 100 80 

gic , €/MWh 45 100 80 60 

 
The consumer loads at the network nodes 5 and 6 are: 

4005 dP MW, 1006 dP MW. The total consumer 

load DP  is 500 MW. We assume that the power losses 

are included in the load. 
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Fig. 2. The electricity system (EPS) scheme 
 

The aim of the direct task’s mathematical model is to 
minimize function  
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where 5gP  and 6gP  - are an additional variables that 

describe the possible generation of the load nodes. 
In the considered EPS scheme the generating sources 
allow satisfying fully the demand for all customers 
without switching them off. The price bids c5, c6 can be 
regarded as unlimitedly high. 
The power balance in the EPS can be written as 
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Bilateral limitations are presented as pairs of 

inequalities ( maxmin ; gigigigi PPPP  ). For our data 

we obtain:  
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Use of the simplex method for solving the LP problem 
under consideration leads to the following optimal 
operating parameters:  
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They are shown in Fig. 3. 
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Fig. 3. Generation at nodes 
 

Obtained results show that the cheapest generator G1 
works with maximal possible load, the most expensive 
generators G2 and G3 work with minimal possible load, 
but generator G4 is not fully loaded.  
The next stage is taking account of technological 
limitations. The structure of the generating equipment 
does not put technological limitations on the line l5. The 
planned power flow on line l5 is 100 MW, exceeding 
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the level permissible for this line ( 90max
5 lP MW). It 

is therefore necessary to add inequality 905 lP to the 

optimization model. 
The capacities through the lines can be calculated using 
the matrix of current distribution coefficients α: 

 

   il PαP   . (4) 

 
To obtain the power flows through the lines, we will use 
the Kirchhoff's laws in a matrix form and draw up a 
matrix of current distribution coefficients α: 
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where M - the 1st incidence matrix (a matrix of 
independent nodal connections); 
N - the 2nd second incidence matrix (a matrix of 
independent contour connections); 
Zd - the diagonal square matrix of branch resistances (as 
the network is homogeneous, matrix of line lengths).  
Assume that the base node is the 1st - node with the 
lowest price bid. 
In our task the matrix α is: 
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The power flow 5lP  can be expressed through the 

elements of current distribution coefficients: 
 

 1006435  gggl PPPP . 

 
Taking into account limitations on power flow along the 
line l5, we get additional inequality. According to the 
requirements for linear programming inequalities we 
obtain the following:  

 
 .19043  gg PP  

 
The result of obtained linear programming direct task 
solution is: 
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It is shown in Fig. 4. 
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Fig. 4. Generation at nodes (with account of network 
limitations) 

 
As a result of influence of limitation at the line l5 the 
load of the most expensive generator G2 increases, but 
the cheapest generator G4 is offloaded [6]. 
In this case, the objective function’s value will be: 

 
3340090601008011010020045 F   

 
It is higher than obtained above. 

 
4. Dual task 

 
To determine nodal prices for EPS (Fig.3.) we need to 
solve the dual task of linear programming.  
The solution of the direct optimization task, considering 
the system and nodal limitations, approved the need of 
all EPS generators participation into the market. The 
active and passive limitations given in the form of 
inequalities was determined.  According to the 
nonlinear programming theory to the active limitations 
belong those in which some of the parameters reach the 
threshold. Other limitations in the form or inequalities 
are passive. The passive limitations can be excluded 
from consideration, but the active can be observed as 
constraints in form of equalities. 
In the issued example variables 1gP  and 3gP  have 

reached the threshold values. In this case, in the direct 
linear programming task it was enough to observe the 
limitation of capacity balance and the active limitations: 

 

152



.190

,100

,200

,500

643

3

1

654321







ggg

g

g

gggggg

PPP

P

P

PPPPPP

 

 
with the variables coefficient matrix: 
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Making the objective function and limitations for linear 
programming dual task is needed to observe, that the 
vectors b and c are clearly defined from the direct task 
of the linear programming. In the issued example we 
obtain: 
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According the linear programming dual task the 
mathematical model can be written as: 
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where the components of the dual task variables vector 

 Tlb yyyyy 531;;  are: 

by  - the capacity balance equation in form of equality; 

31 , yy  - the active limitations of the first and the third 

node; 

5ly  - the line’s 5l  capacity flow limitation. 

The inequalities with variables 5c  and 6c  are not 

included in the dual task limitations system, because of 
uncertainty of variables. 
Solving the dual task, we obtain the following results: 

 
 .40;100;20;55 521  lb yyyy  

 
The maximum value of objective function in this case 
will be: 

 
,33400401902010055200100500 DF

 
that is equal to the obtained minimal value of direct 
task’s objective function. 
Value of the dual variable 100by corresponds to the 

maximal price bid accepted in the market – 2nd 
generator price bid. The nodal prices for consumers 

must be differentiated, because of the nodal and linear 
limitations by the expression: 

 

 ,yAc  T
n  (6) 

 

where the column type vector nc  is supplemented with 

variables 5c  and 6c , which determine the price in the 

load nodes. 
In this way obtained result of the linear programming 
dual task allows to determine vector of nodal prices for 
the given EPS scheme:  
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Consequently the nodal prices in the generation nodes 
correspond to the generators’ bid prices. The nodal 
prices in the load nodes serve as the electricity supply 
cost assessment. The obtained result shows that, if we 
observe the capacity flow through the line l5, the 
electricity price for consumers on the 5th node will be 
100 €/MWh (equal to the 2nd generator price bid), the 
electricity price for consumers on the 6th node will be 
60 €/MWh. 
The diagram of the nodal prices for the given example 
is shown in Fig. 5 
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Fig. 5. The nodal prices 
 

The consumer nodal prices include not only electricity 
supplying costs, but also additional costs, which occur 
when the regime deviates from the optimal, because of 
throughput limitation on line l5. 
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5. Conclusions 

 
1. Every direct task of the linear programming has some 
corresponding dual task that is in quite another variable 
space, but with the same objective function optimal 
value. 
2. A common balanced price can be formed in all units 
of an electrical network if the EPS has no technological 
limitations. When technological limitations exist that 
affect the price formation, at different nodes differing 
nodal prices form. 
3. Sequentially solving the direct and dual tasks of the 
linear programming, we can calculate the system’s 
limitations costs as well as the electricity nodal prices. 
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Abstract: Lithuania has obligations for active 
cooperation with developed countries in the field of 
environmental protection and is looking for compromise 
between environmental, economic and social goals of 
the society. The paper discusses specific features of the 
Lithuanian energy sector, its current status and 
challenges for future development taking into 
considerations changes in the global environment. 
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1. Introduction 

 
The Lithuanian energy sector according to its 
importance, the number of employees, the total value of 
assets of the energy enterprises and in particular to the 
amount of expenses for the acquisition of energy 
resources is one the most significant sectors in the 
national economy. The sector inherited from the Soviet 
past was inappropriate in terms of size, access to 
primary energy sources and internal energy 
requirements of the national economy. The major 
interrelated energy systems (power system, natural gas 
and oil supply systems and partly systems of district 
heat supply) were constructed during few decades 
taking into consideration not only internal needs of 
energy consumers but also substantial export of 
electricity and refined petroleum products into large 
North-Western region of the Former Soviet Union 
(FSU). High share of energy intensive industries was 
dependent on import of raw materials and primary 
energy resources from the FSU and export of various 
products to the FSU.  
Owing to fast increase of energy prices (by several 
times) in the early 1990s and loss of the former eastern 
markets, Lithuania has experienced a deep recession 
which was followed by dramatic structural changes in 
the country’s economy and inefficient use of inherited 
overcapacities in the power and oil sectors. Thus during 
the transition from centrally planned to a free market 
economy the country was facing many problems. 
Nevertheless the policy for reforms was implemented 
successfully. The membership in the EU, large markets 

of the developed EU countries and support coming from 
the EU which was directed to modernization of 
infrastructure and social development were the most 
important factors stimulating high growth rates of the 
Lithuanian national economy. During the period 1995-
2008 the Lithuanian economy was recovering fast – the 
GDP was increasing on average by 6.3% per year. 
However, impact of the global economic recession was 
painful – in 2009 GDP decreased by 14.7%. Reduction 
of activities in all sectors of the economy stimulated 
many alterations in the country’s energy balance.  
The aim of this paper is to set out some findings from 
analysis of the Lithuanian energy sector development, 
especially taking into account the changes in the global 
environment. The paper discusses specific features of 
the Lithuanian energy sector, focuses on expected 
changes in the global environment, new incentives in 
the national energy policy and trends in development of 
renewable energy sources in Lithuania. The paper ends 
with the main conclusions. 

 
2. Relationship of economic development and energy 

consumption 
 

After striking decline in the early 1990s the Lithuanian 
economy since 1995 has been gradually recovering, and 
the period of 2000-2008 could be characterized by very 
fast (on average by 7.4% per annum) economic 
expansion (Fig.1). In 2001, GDP increased by 6.7%, in 
2002 – by 6.9%, in 2003 – by 10.2%, in 2004 – by 
7.4%, in 2005 – by 7.8%, in 2006 – by 7.8%, in 2007 – 
by 9.8%, but in 2008 only by 2.8% [1].  
During the same period GDP in the EU-27 was 
increasing on average by 2.0%. Fast economic growth 
in Lithuania was influenced significantly by support 
from the EU structural funds and various programs as 
well as by successful use of the EU membership and 
new opportunities. These factors have played positive 
role seeking to reduce differences between Lithuania 
and the developed EU countries and to approach 
gradually to average indicators of economic 
development in the EU-27. Owing to such fast 
economic growth GDP per capita in Purchasing Power 
Standards, compare with the average of the EU-27, 
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increased in Lithuania from 39% in 2000 to 62% in 
2008. 
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Fig. 1. Changes of GDP index and annual growth rates 
 
The global economic recession stipulated significant 
reduction in exports of many goods and decrease in 
turnover of domestic retail trade and reduction of direct 
foreign investments. Owing to these factors 
supplemented by lack of credits from banks and absence 
of specially accumulated funds GDP decreased in 
Lithuania by 14.7%. 
In principle energy demand is influenced by many 
factors: the economic growth, structural changes in the 
economy, population growth, changes in fuel and 
energy prices, behavioural reaction of consumers to 
changes in income and prices, enhancement in energy 
efficiency, etc [2]. Preliminary forecast of the final 
energy demand could be based on application of 
econometric modelling and taking into consideration 
indicators of income elasticity which reflect relations of 
economic growth and energy consumption in branches 
of the economy. Comparison of GDP growth rates with 
growth rates of energy consumption in Lithuania is 
given in Table 1. These indicators confirm inelastic 
behaviour of consumers – energy consumption was 
increasing in Lithuania (and decreasing in 2009) more 
slowly than economic activity expressed as the 
country’s GDP. 
 
Table 1. Growth rates of GDP and energy consumption 
 

 2000-2008 2009 
GDP 7.4 -14.7 
Primary energy 3.3 -8.7 
Final energy 3.4 -10.1 
Final electricity 4.8 -7.4 
 
In 2010, the Lithuanian economy started to recover and 
GDP increased by 1.3%. Based on the most recent 
forecast prepared by the Ministry of Finance [3], in 
2011 chain-linked volume of GDP will increase in 
Lithuania by 5.8%, in 2012 – by 4.7%, in 2013 – 3.7%, 
and in 2014 – by 3.4%. The basic scenario in the 
National Energy Strategy-2007 [4] is based on the most 
likely economic development trends assuming that GDP 
will grow on average by 4.5% over the period 2011- 
2025. The main assumption of this scenario still 
remains the same – investment-friendly and competitive 

environment will create appropriate conditions for the 
Lithuanian economy to attain the current economic level 
of the EU-27 states within the next 15 years.  
The expected economic growth is the major factor for 
corresponding growth of the energy demand in 
Lithuania. On the other hand the Lithuanian energy 
sector currently is dependent very much on energy 
supply from a single country and on changes in the 
global environment. Closure of Ignalina Nuclear Power 
Plant (Ignalina NPP) which was the major electricity 
generation source during two decades could be used by 
the Russian energy companies as an opportunity to 
increase influence of the energy lever in shaping the 
Lithuanian energy policy. Thus, energy security issues 
and implementation of appropriate measures directed 
for reduction of the dependence on energy import from 
Russia are becoming more and more important. 
 

3. Current status of the Lithuanian energy sector 
 
Primary energy resources are rather scarce in Lithuania. 
To meet requirements of energy consumers’ local oil, 
peat, wood, geothermal and hydro energy, as well as 
energy from chemical processes are used. In 2009, their 
share in the country’s primary energy balance was 
14.3%. Due to continuous reduction of local oil 
extraction (from 471 thousand tonnes in 2001 to 112 
thousand tonnes in 2010) at present the major 
contribution is from renewable energy sources (Fig. 2). 
In 2009, their share in the balance of indigenous energy 
resources increased to 71.9%. The main renewable 
energy resource is wood (including wood waste, 
boughs, wood chips, pellets and sawdust). Certain 
contribution into balance of indigenous resources is 
originated from energy of chemical processes. This 
energy corresponds to the content of the thermal energy 
gained in the chemical processes (production of 
fertilizers) which is transferred into hot water and 
steam. In 2009, their share was equal to 17.7%. 
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Fig. 2. Production of indigenous energy resources [5] 
 
The contribution of hydro energy in absolute value is 
fluctuating depending on climatic conditions with small 
changes, and since 2006 contribution of bio-fuels, used 
as a motor fuel for the road transport, as well as of wind 
energy is increasing. 
During more than two decades three major energy 
sources were dominating in the Lithuanian energy 
balance: oil and oil products, natural gas and nuclear. 
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The development of the total primary energy 
consumption in million tons of oil equivalents is shown 
in Fig. 3. The share of oil and oil products in the 
primary energy balance has been fluctuating in 
comparatively large range but with clear tendency of 
reduced role of heavy oil products due to decreasing 
consumption of heavy fuel oil for production of 
electricity and district heat. During the period 2003-
2008 the share of oil products in the primary energy 
balance was increasing due to growth in consumption of 
motor fuel, and in 2008 it was equal to 31.7%. 
However, in 2009, due to significant reduction of motor 
fuel consumption the share of oil products decreased to 
29.3%. 
Natural gas is other important primary energy source in 
the Lithuanian primary energy balance. The share of 
natural gas, the most attractive fuel in a long-term 
perspective, was fluctuating about 27% over the period 
2000-2009. During the last two years total consumption 
of natural gas was decreasing mostly owing to reduction 
of its non-energy use – in 2009 consumption of gas for 
production of mineral fertilizers was by 1.6 times less 
than in 2008 and by 1.9 times less than in 2007. Due to 
this reason the share of natural gas decreased in the 
primary energy balance from 30.8% in 2007 to 27.9% 
in 2008 and to 25.6% in 2009. 
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Fig. 3. Primary energy consumption in Lithuania [5] 
 
During the period 2000-2009 the share of the nuclear – 
the cheapest imported fuel – was very high and 
fluctuated about 31% with the lowest value of 25.8% in 
2006 and the highest value of 37.0% in 2003. The role 
of nuclear fuel was very important because being 
comparatively cheap nuclear fuel helped to relieve 
certain burden of balance of payments and therefore 
softening social problems in particular during transition 
period to a free market economy. Nuclear fuel helped 
significantly seeking to increase security of the primary 
energy supply, in particular in the power sector. The 
share of nuclear energy in the primary energy balance in 
the year 2009 was 30.3%. 
According principles of the international statistics it is 
considered that nuclear fuel is a domestic energy 
source. Thus, taking into account contribution of 
nuclear fuel and increasing volumes of indigenous 
energy resources in the country’s primary energy 
balance, dependence of Lithuania on energy import was 
decreasing from 70% in 1990 to 42% in 2003, but after 
closure of Unit 1 at Ignalina NPP this dependence 

increased again and amounted to 59% in 2008. After 
closure of Unit 2 at Ignalina NPP this dependence 
increased significantly and based on preliminary data 
about primary energy consumption and expert 
assessment in 2010 about 83% resources were imported 
and mostly from Russia.  
The total final energy consumption (excluding non-
energy use) was increasing by 3.4% per annum during 
the last eight years, and in 2008 it was 4.9 mln. toe [5]. 
During the period 2000-2007 the final energy 
consumption was increasing in all sectors of the 
national economy (Fig. 4), but in 2008 it was slightly 
(by 2.2%) less than in 2007 due to reduction of energy 
consumption by 11.1% in the industry sector and by 
4.8% in the trade and services sector. In 2009, the total 
final energy consumption was by 10.1% less than in the 
previous year, and the most severe impact of economic 
recession was on the construction sector where energy 
consumption decreased by 35%. Energy consumption 
decreased by 18.5% in the transport sector, by 12.6% in 
manufacturing and by 10.6% in agriculture. Only in the 
households as well as in the trade and services sector 
changes were minor. Due to these changes of consumed 
energy in absolute volumes, the share of the transport 
sector in the structure of final consumers decreased 
from 37.7% in 2008 to 34.2% in 2009, the share of 
industry decreased from 18.3% to 17.8%, and the shares 
of household as well as the trade and services sector 
increased from 28.1% and 12.3% correspondingly to 
31.2% and 13.6%. 
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Fig. 4. Final energy consumption in Lithuania [5] 
 
The most important internal changes in the Lithuanian 
power sector in 2009 were related with the final closure 
of Ignalina NPP, taking into consideration its very high 
contribution into the country’s primary energy balance 
and in particular into balance of electricity generation. 
Even after closure of Unit 1 at the end of 2004 this 
power plant was dominating in the electricity market – 
its share in the balance of gross electricity generation in 
2009 was almost 71%. Closure of this power plant had 
painful impact not only on the energy sector, but also on 
the national economy, energy security in Lithuania and 
even in the Baltic region. It reduced competitiveness of 
country’s manufacturing goods in the international 
markets and had negative social consequences in 
households as well as services sector because electricity 
prices for final consumers in 2010 were by about 28% 
higher than in 2009. Reduction of electricity demand, 
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which was stipulated by economic recession and 
significant decrease of activities in all branches of the 
economy, slightly mitigated the problem of 
decommissioned capacities. 
After closure of Ignalina NPP one can see changes in 
volumes and structure of electricity generation (Fig.5). 
Lithuanian Thermal Power Plant (Lithuanian TPP) is 
the major electricity generation source. However, 
electricity generated by old and inefficient units of this 
power plant in a case of high natural gas price is not 
competitive in the electricity market. Therefore in 2010, 
based on preliminary assessment, more than half of 
electricity required to meet gross internal demand was 
imported from neighbouring countries (mostly from 
Russia). 
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Fig. 5. Dynamics of electricity generation in Lithuania [5] 
 
To create competitive environment in 2010 the 
Lithuanian Power Exchange and the day-ahead 
electricity market are established. Currently electricity 
could be traded by concluding bilateral sale-purchase 
agreements and at the electricity Exchange. Bilateral 
agreements are concluded between producers or 
importers and suppliers mostly for the period longer 
than one month. The rest amount of electricity could be 
sold or purchased at the Exchange.  

The important benefit of the wholesale electricity trade 
administrated by BALTPOOL UAB (an authorized 
Lithuanian electricity market operator) was experience 
gained from close cooperation with Nord Pool Spot AS, 
which provided to market operator services for 
calculation of spot trade volumes and electricity prices. 
The development of an average weighted electricity 
price for each month at the Exchange is shown in the 
Fig. 6. One can see a trend of growing price, but the 
average weighted price during the year 2010 was 162 
LTL/MWh or slightly higher than the price foreseen by 
the National Control Commission for Prices and Energy 
– 155 LTL/MWh. The volume of electricity purchased 
at the Exchange was increasing even more and the total 
volume of electricity traded in 2010 was 8118 GWh.  
Many indicators could be applied for comparison of 
economic development and energy consumption in 
various countries: GDP/capita, primary energy per 
capita, final energy per capita, electricity consumption 
per capita, primary energy intensity, final energy 
intensity, CO2 emissions per capita, etc. Based on data 
prepared by the International Energy Agency [7-8] one 
can see that many economic indicators for the year 2008 

differ very much when GDP from national currencies 
are transferred into one currency (in this case US$ 
2000) by using exchange rates and by using indicators 
of Purchasing Power Parities (PPP) (Table 2). 
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Fig. 6. Average electricity price and volumes of electricity 
traded at Exchange [6] 
 
For instance primary energy intensity in Lithuania in 
2008 was by 2.6 times higher compare to the EU-27 
average using exchange rates, but only 23% higher 
using indicators of PPP. Similarly final energy intensity 
in Lithuania was by 2.4 times higher than on average in 
the EU-27 countries using exchange rates, but only by 
14% higher using indicators of PPP.  
 
Table 2. Comparative economic and energy indicators  
 

 World EU-27 Lithuania 
GDP/capita, thousand US$ 
(exch. rates) 

6.05 19.87 5.99 

GDP/capita, thousand US$ 
(PPP) 

9.55 25.15 16.02 

Primary energy/capita, toe 1.83 3.51 2.77 
Final energy/capita, toe 1.26 2.45 1.81 
Electricity 
consumption/capita, kWh 

2782 6384 3555 

Primary energy intensity, 
kgoe/US$ (exch. rates) 

303 177 457 

Primary energy intensity, 
kgoe/US$ (PPP) 

192 140 171 

Final energy intensity, 
kgoe/US$ (exch. rates) 

208 123 298 

Final energy intensity, 
kgoe/US$ (PPP) 

132 97 111 

CO2 emissions per capita, t 4.39 7.72 4.21 
 

4. Changes foreseen in the global environment 
 
The energy sector in many countries faces with many 
uncertainties: the pace at which their economies will 
recover, what is expected energy mix for the two 
coming decades, changes in energy price (in particular 
upper bounds of prices for oil and natural gas), 
opportunities of governments to respond to challenges 
of climate change, etc. Based on the analysis performed 
by experienced experts in the study [9] one can expect 
that the major efforts of governments will be directed to 
ensure reasonable level of energy security and to limit 
the increase in global temperature to 2ºC above pre-
industrial level. UN conference on climate change held 

158



in 2009 in Copenhagen could be assumed as only the 
first step seeking to move forward aspiration of 
sustainable World energy development. Much stronger 
efforts and much more costly measures are required to 
achieve the 2ºC goal.  
In recognition of efforts that have been made by many 
countries and taking into consideration new energy 
policy commitments and plans to reduce greenhouse gas 
emissions as well as to reform subsidies for fossil fuel 
the New Policies Scenario in [9] is assumed as the most 
realistic. Assumption of GDP growth by on average 
3.2% per year in the World is the main driving force for 
increase of energy demand. It is expected continued fast 
economic growth over the period 2008-2035 in Asia 
region, in particular in India where GDP will grow on 
average by 6.4% and in China – by 5.7% per annum. It 
is foreseen that GDP in all non-OECD countries will 
grow also very fast – on average by 4.6%. Growth of 
population is estimated from 6.7 billion in 2008 to 8.5 
billion in 2035. This factor also stimulates growth of 
energy demand in non-OECD countries. 
It is foreseen that oil price will increase in the 
international market to $113 per barrel (in year-2009 
dollars) in 2035. One can expect that increase of oil and 
natural gas prices supplemented by policies encouraging 
energy saving and switching to low-carbon energy 
sources will restrain growth of demand for oil, natural 
gas and coal. 
Changes in the World energy demand by fuel forms for 
this scenario are shown in Fig. 7. It is foreseen that total 
World primary energy demand will increase over the 
period 2008-2035 on average by 1.2%, demand of fossil 
fuels will grow on average by 0.8% and total demand of 
renewable energy sources by 2.5% per year. Even 
moderate increase of fossil fuel consumption will 
stipulate further growth of CO2 emissions leaving them 
in 2035 by 21% higher than current level. 
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Fig. 7. World primary energy demand by fuel [9] 
 

The share of fossil fuels (coal, oil and natural gas) will 
decrease from 81.2% in 2008 to 73.7% in 2035, but 
contribution of all renewable energy sources at the end 
of period will remain comparatively moderate – 18.7%. 
The remaining 7.6% in the structure of the World 
primary energy demand in 2035 fall to nuclear energy.  
The Energy Outlook 2030 prepared by experts of the 
BP company contains projections with much faster 
growth of total energy demand over the period 2010-

2030 – on average by 1.7%, including growth of 
renewable energy sources by 2.9%, natural gas by 
2.1%, coal by 1.2%, oil by 0.9% and nuclear by 3.8% 
[10]. In the BP statistics energy consumption comprises 
commercially traded fuels only and fuels important in 
many countries such as wood, peat and animal waste are 
excluded. Nevertheless total primary energy demand in 
2030 according this forecast will be by 3% higher 
compare with the New Policies Scenario. One can see 
the largest difference of these two forecasts from 
comparison of total consumption of fossil fuels and 
their share in the World primary energy balance. Total 
consumption of fossil fuels in 2030 foreseen by BP 
experts is 13.4 billions toe or almost by 11% higher 
than in the New Policies Scenario and their share will 
remain very high – 81.5% in the total World primary 
energy demand. In this case contribution from all 
renewable energy sources (including large hydro power 
plants) in 2030 is only 11.8% and from nuclear 6.7%. 
Such strong growth of fossil fuel consumption would 
stipulate continued growth of global CO2 emissions and 
in particular in non-OECD countries. Based on the BP 
forecast emissions will grow on average by 1.2% per 
year and will increase by 27% over the period 2010-
2030. 
Progress towards climate change goals could be based 
on the 450 Scenario which is discussed in the IEA study 
[9]. To achieve the objective of limiting the 
concentration of greenhouse emissions in the 
atmosphere to 450 parts per million of CO2-equivalent 
much higher national pledges and stronger policies after 
2020 should be implemented. The major assumptions in 
this scenario are the following: total consumption of 
fossil fuel will decrease from 10.9 billion toe in 2020 to 
9.3 billion toe in 2035 or by 1% per year, the share of 
fossil fuel will decrease to 62.3%, and the share of 
renewable energy sources and nuclear energy will 
increase correspondingly to 26.5% and 11.2%. In a case 
all foreseen measures are implemented, CO2 emissions 
since 2020 will decrease by 2.5% per year and in 2035 
their total value will decrease to 21724 Mt or by 24% 
less than current level. 
 

5. Strategic objectives of the Lithuanian energy 
policy 

 
Since May 2004 politically and economically being 
member of the European Union Lithuania has many 
opportunities for export of goods into large markets of 
the EU countries and for efficient use of support coming 
from the EU structural funds, etc. However, the 
Lithuanian power system is an integrated part of 
IPS/UPS and still has no direct connections to the 
power systems of Central and Western Europe. Only 
one direct connection with capacity of 350 MW 
between Estonia and Finland integrates the Baltic area 
with the Nordic power market. Natural gas supply 
system is connected to Yamal-Europe line through a 
single gas pipeline Minsk-Vilnius and all gas is 
imported from Russia. 
Due to closure of Ignalina NPP Lithuania is dependent 
very much on import of electricity or natural gas 
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required for its generation. To reduce this dependence 
revision of strategic objectives of the Lithuania energy 
policy is required. The most important strategic 
initiatives foreseen in the new National Energy Strategy 
[11] which was approved by the Lithuanian 
Government in October 2010 are the following: 

 construction of new Visaginas nuclear power 
plant until 2020; 

 construction of modern combined cycle gas 
turbine unit on the site of Lithuanian TPP; 

 significant increase of electricity generation 
from renewable energy sources; 

 construction of strategic interconnections with 
Poland and Sweden including reinforcement of 
the Lithuanian electricity grid; 

 construction of liquefied natural gas import 
terminal.  

To increase energy security all measures are very 
important. Taking into consideration expected increase 
of electricity demand, country’s obligations in the 
energy sector assumed under international 
environmental conventions and the requirements set in 
the EU directives as well as energy security issues, 
construction of new regional nuclear power plant in 
Lithuania has the key importance. However, 
commissioning of Visaginas nuclear power plant until 
2020 seems too optimistic. In December 2010, South 
Korean company Korea Electric Power Corp. (KEPCO) 
withdrew its financially attractive proposal in the tender 
for finding a strategic investor. Thus, selection of the 
energy company with high nuclear experience, 
knowledge and financial capability should be settled by 
negotiation. Due to disaster at Fukushima nuclear 
power plant this process can continue longer than it was 
expected because this accident could complicate moves 
to clean energy in many countries. 
Currently importance of all other measures mentioned 
above is increasing. To reduce dependence on energy 
supply from Russia, to avoid possible disturbances of 
natural gas supply and to create competitive 
environment for gas suppliers’ construction of liquefied 
natural gas import terminal is one of the main priorities. 
Construction of electricity transmission lines Lithuania-
Poland and Lithuania-Sweden are required to integrate 
the Baltic region with the Nordic power market. 
Dependence on energy import could be reduced also by 
enhancement of energy efficiency and deployment of 
renewable energy sources. Directive 2009/28/EC on the 
promotion of the use of energy from renewable sources 
provides mandatory target of at least 23% share of 
energy from renewable sources in the Lithuania’s gross 
final energy consumption in 2020 [12]. Based on 
comprehensive analysis, performed at Lithuanian 
Energy Institute, the reasonable share from renewable 
sources could reach 26-29% in 2020 [13]. Very high 
potential for wider use of energy from renewable 
sources is related with modernization of the district 
heating systems and changes in their fuel balance. So 
far natural gas is dominating in the fuel balance of this 
sector with a 19% share of biomass and the rational 
share of biomass in this sector is expected to increase up 

to 53-62% over next decade. A significant contribution 
is expected also from electricity generation using 
renewable energy sources – their reasonable share in the 
gross electricity consumption is 27-31% in 2020. 

 
6. Conclusions 

 
1. Important features of the Lithuanian energy sector 

are the following: increased dependence on primary 
energy and electricity supply from Russia, absence 
of interconnections with Western energy systems, 
largely developed district heating systems.  

2. Taking into consideration changes in the global 
environment, necessity to reduce dependence on 
energy import and to contribute into initiatives of 
the EU directed to mitigation of climate change, the 
most important strategic objectives for Lithuania are 
as follows: construction of strategic interconnections 
with Poland and Sweden, construction of liquefied 
natural gas import terminal, continued reduction of 
energy intensity and faster deployment renewable 
energy sources.  
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Abstract: Market principles shall be implemented not 
only in the Baltic electricity trade but in the maintaining 
of security as well. A large number of participants 
offering reserve capacity is important to guaranty 
liquidity in the market. Wide spread reserve capacities 
not always can be activated due to the bottlenecks in the 
networks. Therefore, the reserves become not reliable.  
The method of ranking of reserves according reliability 
is proposed in the paper. Feasibility of the method is 
demonstrated using Baltic Power System taking into 
account the interconnections with Russia and Belarus. 
Authors believe that such a method could be applied to 
backup wind power and would help for the integration 
into single European power system. 

 
Keywords: Reserve capacities, power flow, reliability, 
allocation, power system, bottlenecks, merit order and 
the criteria of reliability. 

 
1. Introduction 

 
Baltic power systems operators have been using two 
schemes of emergency reserves organization for the last 
decade. The first one is related with Russia and Belarus 
power systems and with BRELL (first letters of 
participating countries) agreement. Another scheme is 
based on agreement between Baltic system operators 
only. BRELL agreement creates the principles of 
cooperation between five power systems – Belarus, 
Russia, Estonia, Latvia and Lithuania – creating 
electrical RING-the main electrical path of the power 
flow circulating between mentioned countries.  
Each member of the BRELL agreement is obliged to 
keep reserves capacity proportional to the biggest 
generating unit operating in the RING (1): 

 

P
P

PP
i

i
rezi .5

1
max

max max




   (1) 

 
Prezi – normative reserve capacity, 
Pmaxi – the biggest generating unit in the country, 
maxP – total capacity of all countries. 

After calculations, following amounts of reserves were 
defined: 

 Belarus → Russia, Baltic States: 150 MW, 
 Russia, Baltic States → Belarus: 150 MW, 
 Russia → Baltic States: 300 MW, 
 Baltic States → Russia: 300 MW. 

These reserves are activated according the request of 
the system operator in which control area generation 
outage occurs. Time is no longer than 12 hours of usage 
of activated reserve. Normative reserves should be 
allocated strictly in obliged countries. It means usually 
the Baltic State can not buy its obliged norm of reserve 
from other countries.  
Recently some reallocation of reserves becomes more 
flexible and possible to do.  Even more flexibility exists 
in planning the reserves between Baltic States. 
Furthermore, an additional requirement for flexibility in 
reserve allocation arises from the increasing share of the 
wind power in the whole generation balance.  
An each wind power producer shall keep or buy 
reserves to balance the wind generation according to the 
new Lithuanian legislation [1]. A maintaining of 
reserves is based on the market principles in the world 
leading countries. This issue usually increases the 
flexibility of reallocation of reserves as well [2]. 
Unfortunately, existing reserve schemes are not based 
on the market principles in the Baltic States. These 
schemes are likely to be implemented in the nearest 
future [3].  
On the other hand, flexibility in allocation of reserves is 
restricted by the capability of the transmission network. 
Authors believe that very important network aspects 
will arise in a case of integration of the Lithuanian 
power system in to the UCTE or Nordel. According to 
the UCTE Operation Handbook [4], the normative 
reserve should be proportional to the consumption. The 
amount of the Lithuanian normative reserve could 
comprise to about 50 MW only. Nevertheless, the 
largest generation unit is very big, particularly in the 
case with a nuclear power plant. This means all the 
reserve power basically comes through networks.  
A reliability of the reserve power plant is no doubt the 
most important issue. Anyway reliability of reserves 
defined by the network is the main object of analysis in 
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this paper. The authors have done the analysis of the 
simulated network operation when were used different 
combinations of outages and reserves allocations. The 
simplified method of reserve allocation taking into 
account network capabilities and bottlenecks is 
suggested and the results of simulations are discussed 
taking into account their practical applications. 
Moreover, a cheap and reliable allocation of reserves is 
stated for the Baltic System Operators as the practical 
goal.  

 
2. A Method of ranking of reserves according 

reliability 
 

The cheapest solution usually could be found using a 
merit order where possible offers are sorting in 
accordance with the decreasing price. Some kind of the 
merit order can be used for making optimal solution 
from reliability point of view as well. At this time of the 
merit order should be formed from the possible 
allocations of reserve sorted in accordance with 
decreasing reliability. Load flow simulation, reliability 
criteria N-1, N-2, N-3, bottlenecks allocation and 
contingency simulation are the main components of the 
method applied in the paper.  
A lot of different emergency situations were modeled 
during the study and load flow patterns were defined for 
each single case. The PSSI computer program was 
chosen as a main analysis tool. Sufficient reserves of the 
active power are the most important condition for 
secure operation of power systems. These reserves 
depend on conditions of emergent situation and 
particular outages of generators. Currently the 
Lithuanian power system is integrated in to the BRELL 
RING operation which helps to maintain stability of the 
Lithuanian power system in emergency situations.  
A back up of the generating sources depend on 
capability of transmission networks. In some cases 
when interconnections are overloaded, only local 
reserves can be used in emergency situations to 
maintain stability in the system. Therefore, all the main 
power plants and networks operating in the RING were 
included in the analysis.   
Different outages of different systems of the BRELL 
have different impact into the operation of the RING. 
At this time authors concentrate their attention on the 
outages which tend to be the most important for the 
Lithuanian power system and also for the 
interconnections of the RING network. In this frame of 
the paper, a local power system means the transmission 
lines inside Lithuania and these almost do not affect the 
operation of the RING. RING interconnections mean 
interconnection lines between neighboring power 
systems. The following RING interconnections are 
defined in Fig. 1:   

 Estonia – Russia 1, 
 Estonia – Latvia 2, 
 Latvia – Lithuania 3, 
 Lithuania – Belarus 4, 
 Belarus – Russia 5, 
 Belarus – Ukraine 6, 

 Russia NW – Russia center 7. 
 
 
 

 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 

Fig. 1. The RING and interconnections [5] 
 

Critical cuts are defined by bold lines with attached 
numbers as it is shown in the Fig. 1. The real 
transmission capabilities of all the interconnection cuts 
were set according to the BRELL agreement. 
The most important local critical cut inside the 
Lithuanian power system is between the West ant East 
parts of the system. This cut has a number 8 (Fig. 1) and 
consists from two 330 kV lines between the Lithuanian 
power plant and a hydro pump storage. This cut was 
chosen because the biggest generation is concentrated in 
the eastern part. While western part of the system is in 
deficit but at the time has significant reserves capacities 
(Kruonis HPS, Kaunas HP).  
The cut number 8 is overloaded in some emergency 
situations and becomes a bottleneck for using 
mentioned reserves as well. Transmission capability of 
this cut was defined using additional simulations of the 
character load flows pattern and found at a 570 MW of 
numerical expression.  
Later on, the main principles of contingency of 
simulation were foreseen. The criteria of reliability N-1, 
N-2 and N-3 were used to define overloads of the 
critical cuts in five separate contingency strategies as 
following: 
1. All lines in cut are in operation, but one by one 

element of the grid from the predefined list is 
disconnected per calculation according N-1 criteria, 

2. All lines in cut are in operation, but two elements of 
the grid from the predefined list are disconnected 
per calculation according N-2 criteria making all 
possible combinations, 

3. The same as in the strategy 1, except one line from 
critical cuts is disconnected in corresponding N-2, 

4. The same as in the strategy 2, except one line from 
critical cuts is disconnected in corresponding N-3, 

5. Two elements of the cut are disconnected per 
calculation. Series of calculation guarantee all the 
possible disconnections in the cut according N-2. 
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3. Discussions regarding the results 
 

Calculations shows that reserve flows through Russia – 
Estonia cut during typical winter and summer regimes 
remains between its capacity limits according the 
criteria N-1, N-2 and N-3. A reserves’ flow in the cut of 
Estonia – Latvia from Latvian side is acceptable 
according all the criteria.  
The opposite direction reserves’ flow is not acceptable 
according to the N-3 criteria during typical summer 
conditions. Reserves’ flow passing the Latvian – 
Lithuanian cut remains reliable during typical winter 
and summer regimes according all the criteria.  
Comparatively too sensitive cut is between Lithuania 
and Belarus, where reserve flow from Belarus to 
Lithuania creates overloads during typical winter and 
summer regimes according to the criteria N-2 and N-3. 
Therefore, the most unreliable cut is between Belarus 
and Russia where no one criteria of reliability are 
satisfied.  
Reserve flow from Ukraine to Belarus also is not 
reliable according to the criteria N-2 and N-3. Local cut 
between West and East of Lithuania is reliable only 
according to the criteria N-1. 
It is reasonable to group all overloads of the critical cuts 
according to the criteria of reliability. The lower criteria 
means the higher probability of violation of the given 
critical cut as it is shown in the Table 1 (S means 
summer, W means winter). 

 
Table 1. Overloads sorted according to the level of 
probability 

 

The 
cut 
No. 

High 
probability 

Average 
probability 

Low 
probability 

N-1 N-2 N-3 
S W S W S W 

1       
2     66  
3       
4 16  234 195 413 550 
5 308 185 450 465 593 699 
6    23   
7 62  98  393 281 

 
Numbers given in the table indicate the quantity of 
overloads in given critical cuts at the given level of 
reliability criteria.   
The main reason to activate the reserves power is an 
outage of generation. Theoretically, each power plant 
can keep a reserve capacity and exchange with each 
other the reserve power using a transmission network in 
emergency situations.    
Therefore, it is important to know how the defined 
critical cuts can limit usage of the rest of generation 
capacities for the reserve needs. The interaction 
between reserves, critical cuts and generation outages 
are summarized in the Table 2. 

 
 
 
 
 

Table 2. The interaction of the reserves and critical cuts  
 

 
Columns in the table correspond to the reserves sources, 
rows – generation outages. Reserve suppliers are as 
following: MnPP – Minsk PP, LkPP – Lukomli PP, EPP 
– Estonian PP, RCHP – Riga HP, PHPP – Pliavine 
HPP, LPP – Lithuanian PP, KHPS – Kruonis HPS, 
INPP – Ignalina nuclear PP, KCHP – Kaliningrad CHP, 
MCHP – Mažeikiai CHP, VCHP – Vilnius CHP, RPP – 
Russia PP, UPP – Ukraine PP. 
The numbers of the critical cuts between outage and 
reserves source are in the intersection between 
corresponding column and row of the table. There are 
several critical cuts written in these intersection cells. 
The cell containing information is explained as follows: 
a big number means a number of the critical cut, 
attached small numbers (-1, -2, -3) means that given 
critical cut is overloaded at the N-1, N-2, or N-3.  
The Table 2 is not symmetrical and there is no 
reciprocity between two generation sources to provide 
reserve power for each other. It means that two selected 
power plants can reserve each other having different 
impact on the overload probability of the critical cuts. 
The reason for it is the reserve power flow pattern 
having dominant direction over all the outage situations. 
The same direction, as in a normal load flow pattern, of 
reserve power through a critical cut significantly 
increases possibility of overloading and vice versa. 
Such a table could be useful for a system operator to 
allocate reserve capacities and to help in making an 
optimal transaction with suppliers of the reserve power.  
Also it could be applied for the wind farms balancing 
process. 
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4. Conclusions 
 

Further development of the reserve providing issue 
towards market based models is required for the method 
of the setting up merit orders in accordance to the 
decreasing price and reliability of proposed reserve 
offers. 
Eight critical cuts in the RING are defined as the 
bottlenecks during the emergency situations and 
discussed in the paper. 
The method of ranking of proposed reserve allocations 
in accordance their reliability defined by the network is 
provided in the paper. 
Simulations show that some of the reserve potential 
could not be used due to the bottlenecks in the RING. 
On the base of simulations, special tables are provided 
in the paper.  
The method provided in the paper could be easily 
applied by the Baltic System Operators for the quick 

choosing of the reliable reserving of the given outage 
taking into account network bottlenecks during the 
emergency situations. 
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Abstract: The world leading countries are searching the 
ways to achieve sustainability, safety and cheapness of 
energy use. European Parliament has issued a package 
of legal acts in regards to promote internal market, fare 
competition, customers’ rights etc. One of these 
documents is a Directive 2004/8/EC on the promotion 
of cogeneration as one of the instruments to fulfil the 
European energy goals. Lithuanian case shows that 
issued Directive is not enough to give an impulse to 
start a proper implementation of reforms. 
Administrative obstacles, lack of the clear procedures, 
changing of the business as usual status quo appears as 
the biggest barriers to start development of the small 
scale cogeneration in Lithuania.  
 
Keywords: Energy market, small scale co-generation, 
electricity, heating. 

 
1. Introduction 

 
The whole world or better to say it‘s concerned part is 
trying different ways to achieve sustainability, safety 
and cheaper way to use energy in every day life.  
That is why more choice, investment and security of 
supply lie at the heart of the 3rd energy package. Likely 
European Union energy markets will become more 
competitive as energy companies will have to separate 
supply and production from transmission activities. The 
wide-ranging rules adopted by Parliament 21 April 
2009 will also improve consumer rights and promote 
competitiveness. 
Europe's energy market is changing rapidly, as are 
people's energy's needs. Some people are more 
interested in price, some in green energy and some in 
generating their own power. It is hoped that by opening 
up the market, people will have more choice. 
One of the ways to ensure security of supply, 
effectiveness and proper competition is further 
development of the dispersed generation through small 
scale cogeneration. 
Nevertheless, Lithuanian energy industry faces a lot of 
different uncertainties: uncertainty about the nuclear 

future, conflict situation with shareholders because of 
the separation of supply and production from 
transmission activities in the natural gas sector, 
prolonged finishing the creation of the legal basis for 
the renewable energy sector, primarily by adopting the 
Law of Renewable Energy Sources and finally 
inadequate situation with the development of the 
dispersed generation through small scale cogeneration. 
Authors will focus mainly on the small scale 
cogeneration issues within the framework of this article. 

 
2. Cogeneration and reforms 

 
Every single reform in energy sector should provide 
more benefits and security for the consumers. Freedom 
to choose an electricity supplier could not be the only 
answer to consumers needs. It should be ensured the 
possibility for own dispersed cogeneration. Consumers 
could benefit from the dispersed generation in several 
ways ensuring:  

 better reliability, 
 uninterruptible consumption, 
 lower energy costs etc. 

 
The whole electricity system could get some benefits as 
well. The dispersed cogeneration may contribute 
smoothing the peak load, adding value to the electricity 
transmission quality, lowering transmission costs or 
even waive the construction of new big generation and 
transmission capacities. The ordinary internal 
combustion engine can be easily adopted to use biogas 
in the small scale cogeneration. That could be one of the 
ways reducing the import dependence. 
European Parliament has issued Directive 2004/8/EC on 
the promotion of cogeneration based on a useful heat 
demand in the internal energy market as one of the 
answers to all the mentioned needs and expansion of the 
possibilities. 
So what do we have regarding the cogeneration in EU? 
The situation differs dramatically. Denmark is a leader 
with its 55% share of cogeneration in overall power 
sector. This country is rather exemption but not the rule 
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because the share of combined heat and power in total 
EU-27 electricity generation rose by 0.4 percentage 
points between 2004 and 2007 but only to 10.9% [1]. 
Lithuanian share is more than twice bigger and reaches 
23.64% in the year 2009 Fig. 1.  
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Fig. 1. A part of combined heat and power generation in 
Lithuanian gross domestic production, % [2]  

 
Another very important question is what do we 
understand by saying combined heat and power 
generation? In the most cases of EU frame it is 
understood as small and medium-sized producers which 
serve their own or centralized district heating purposes. 
In ours’, Lithuanian case, we have an old fashioned 
cogeneration with big plants and wide spread district 
heating networks generating bigger than usual losses 
Fig. 2.  
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Fig. 2. Annual losses of thermal energy in Lithuania, % [3]  
 

Typical annual loss of thermal energy through 
distribution is around 10% comparing with 17.34% five 
years average in Lithuania.  
Despite so large losses of thermal energy (a lake heating 
case in Elektrėnai) there is a construction of a new 300 
MW unit in this town. The problem will only go worse 
and a construction of a 10 km length heat line from 
Elektrėnai to Vievis is only a punch to this. 
The efficiency of the cogeneration process should be 
taken into account as well. High efficiency cogeneration 
is in this Directive defined by the energy savings 
obtained by combined production instead of separate 
production of heat and electricity. Energy savings of 
more than 10% qualify for the term ‘high-efficiency 
cogeneration’. To maximise the energy savings and to 

avoid energy savings being lost, the greatest attention 
must be paid to the functioning conditions of 
cogeneration units. 
Old fashioned cogeneration generates not only bigger 
losses but also works in not so effective manner. 
Directive 2004/8/EC says that a production from small 
scale and micro cogeneration units providing primary 
energy savings may qualify as high-efficiency 
cogeneration. Old fashioned plants clearly loose the 
competition for efficiency, low losses and attractiveness 
in behalf of the small scale.  
The situation seems to be leading to the clear goal – 
promotion of small scale cogeneration. Moreover, 
within the purpose of Directive 2004/8/EC Member 
States should be encouraged to address this need by 
designing support schemes with a duration period of at 
least four years and by avoiding frequent changes in 
administrative procedures etc. Member States should 
furthermore be encouraged to ensure that public support 
schemes respect the phaseout principle. Unfortunately 
there is still almost everything focused on the big 
players in Lithuania.  
Looking at the statistics, one could find a trend of 332.1 
GWh growths of small scale industry owned 
cogeneration in ten years period in Lithuania Fig. 3. 
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Fig. 3. A part of small scale cogeneration in Lithuanian gross 
domestic production in GWh  
   
But the share of small scale cogeneration in total 
domestic electricity generation rose by amusing 1.37 
percentage points between 2004 and 2009 and only to 
2.28% Fig. 4.  
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Fig. 4. A part of small scale cogeneration in Lithuanian gross 
domestic production, %   

 

166



 

A development and support of the Lithuanian 
cogeneration sector is still too centralized neglecting all 
the benefits from the small scale cogeneration.  
The biggest share of the State support goes to the 
incentive buying up electricity from the heat and power 
generation plants only when heat is transferred in to the 
district heating networks. From the economical point of 
view a heat consumer not connected to the district 
heating network and/or getting the heat from the not 
connected to the district heating networks cogeneration 
unit is not guilty being out of the district heating 
network and this could not be a reason for the 
discrimination. 
And even if a potential small scale cogeneration plant 
could has a possibility to connect to the district heating 
and electricity transmission network it is still not so 
easy. Network companies tend to find interferences to 
connect a new small scale cogeneration unit as much as 
possible.  
On the other hand, connecting of the new generators is 
related with the loosing of consumers for transmitting 
heat and electricity in some extent. Lower number of 
energy transmitted causes higher transmission rates for 
the rest of the consumers. Other way avoiding higher 
rates is to impose some kind of the connection taxes. 
Moreover, connection procedure is very important 
because this is a way to build or to remove entry 
barriers. It is very important to set them very clear and 
non-discriminatory. 
It is crucial important to have the clear, published and 
well coordinated administrative procedures for 
obtaining permission to construct cogeneration capacity 
as well. And the Directive 2004/8/EC says that “the 
specific structure of the cogeneration sector, which 
includes many small and medium-sized producers, 
should be taken into account, especially when 
reviewing the administrative procedures for obtaining 
permission to construct cogeneration capacity. [4]”  
Unfortunately, Lithuanian case is again disappointing. 
Administration burden for small and micro-scale 
cogeneration is disproportionate because construction 
terms are almost the same scope as for the big plants. 
Whole the procedure of the obtaining the permission to 
construct small scale cogeneration capacity could last 
even for some years. Lithuania is still not an only 
exception. A similar situation appears in most of the 
post monopolistic countries. However it can not be an 
argument to delay the proper reforms. 
Authors have done some empirical and theoretical 
investigation showing the most effective small scale 
cogeneration development ways from the customers’ 
point of view. No doubt the most effective way is a 
trigeneration and consuming generated heat energy and 
cooling right at the producing place or to install only a 
few hundred meters of heat networks. The problem 
remains with the electricity generated because, as it was 
mentioned before, the incentive buying up electricity 
from the heat and power generation plants is carried out 
only if the heat is transferred in to the district heating 
networks. In other case every single kWh generated and 
self consumed or transmitted to the buyer adds 
0.61 LTL to the cost per kWh as the public service 

obligation. That means every kWh of high-efficiency 
cogeneration instead of a support gets a penalty. Later 
on this penalty goes to the big cogeneration plants as a 
support. 
The small scale way of cogeneration development and 
possibility to avoid electricity transmission network 
could add some extra value even to the promotion of 
competition and stimulation of the electricity and 
heating retail markets. That would be a pressure on the 
centralized networks to work in more effective manner 
as well. 
Another very often arising question is an impact on the 
electricity transmission network when connecting small 
scale generation units. It is obvious that development of 
the dispersed generation through small scale 
cogeneration requires an accomplishment of new 
technologies – smart grids. Authors would like to note 
that the primary goal of the networks is to correspond to 
the needs of the market and its participants. Even 
Directive 2003/54/EC is to some purpose addressed to 
clarify the functioning of the grids. This Directive states 
that the main obstacles in arriving at a fully operational 
and competitive internal market relates amongst other 
things to issue of access to the network. 
Moreover, when energy is produced close to users it 
also decreases the substantial transmission losses (up to 
10%) power companies currently face.  
Therefore, an implementation of the smart grid is 
necessary first of all for the further development of the 
renewable energy. The growth of renewables is 
unavoidable because Lithuania has to implement the 
legal commitments for the Directive 2009/28/EC on the 
promotion of the use of energy from renewable sources 
and to produce 23 percent of the total energy from 
renewable energy sources by 2020. 
Let us be a little bit broader and to identify one more 
currently arising aspect in overall energy sector 
especially in renewables and relevant to small scale 
cogeneration as well.  
A modern, democratic society more and more often asks 
a crucial question – is this ordinary way, when some 
kind of a big company is somewhere installing big 
energy systems and making profit, the best one? One 
could argue that it is the naturally occurred situation in 
energy field all around the world. That’s more or less 
right (still don’t forget vertically integrated monopolies 
formed by governments) but society makes a pressure 
for closer participation and feeling the real benefits out 
of the energy industry in the short term.  
In theory, everyone can become an energy (electricity) 
producer with the help of a small scale cogeneration, a 
solar panel and/or a windmill, and a fuel cell. In the first 
instance, the energy yield could go to meeting the 
producer’s needs. The rest could be sold to the 
community.  
Therefore according to the authors’ opinion, the best 
way of closer and motivated participation is through a 
small business. Small business takes the biggest share in 
every country with the healthy economy. The energy 
sector should be more open for the small business 
development as well. A removal of all artificial barriers 
would yet be as a first step good enough.   

167



 

On the other hand, only in this way small business 
would have more or less the same opportunities in the 
energy sector as now has a big one.  
The perspective of the small scale ‘democratic energy’ 
– a revolutionary change reduces the importance of the 
fossil or even nuclear energy. The democratisation of 
energy will be stimulated by the fact that the new 
decentralised method of production is cheaper than the 
conventional centralised method – particularly in 
remote areas.  
The first small steps towards this new energy world are 
already being taken but for further development 
scientific approach is urgent. 

 
3. Conclusions 

 
At the time when European Parliament has issued a 
Directive 2004/8/EC to promote cogeneration especially 
small scale, Lithuania still keeps various barriers for the 
small scale cogeneration units to enter the market. 
The main obstacles in having fair playing rules for 
small scale cogeneration relates amongst other things to 
issues of the lack of proper and uniform administration, 
regulation of the construction and connection terms and 
overall coordination procedures. Therefore one could 
find much better situation in the project of the Law of 
Renewable Energy Sources. 

All the discussed in the paper implies immediate 
changes in the way of:  

 the States political thinking,  
 the old fashioned cogeneration business status 

quo and 
 the principles and manner of the network 

activities. 
Only these changes could encourage starting the small 
scale high–efficiency cogeneration development in 
Lithuania. 
Moreover, according to the authors’ opinion and in 
regards of the EU Directives removing the barriers, 
stating clear and appropriate rules and procedures 
should be the principal way to develop the whole 
energy sector in Lithuania.  
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Abstract: Structural changes in electricity sector have a 
considerable influence on the behavior of economic 
agents, who exercise their activity under the new market 
conditions. Currently agents face new challenges, i.e. 
they have to find and choose such a bidding strategy the 
implementation of which could allow to maximize their 
utility. In this context a reliable forecasting methods and 
accurate price forecasts are of high importance. Thus, 
the aim of the paper is to analyze scientific literature on 
electricity price forecasting methods and to apply 
selected ones to forecast a day-ahead electricity price in 
Lithuania. 
 
Keywords: day-ahead electricity price, exponential 
smoothing, trend, seasonality, forecasting methods. 
 

1. Introduction 
 
In 1 January 2010 Power Exchange Baltpool has started 
proceeding in Lithuania. Until this day existed 
electricity trade organization has been changed: 
theretofore functioning day-ahead “additional energy” 
auction, provided traders with alternate energy, has 
been replaced by a power exchange and since 2002 
legitimated hourly trade with producers has been 
extended by allowing suppliers to participate in the 
market on hourly basis. Thus, electricity market players 
undertook participating on new and until that day not 
experienced market conditions. One of the most 
important features of this market has become electricity 
price. In a day-ahead electricity market it is set 
assessing both supply and demand side participation. 
Price is tended to fluctuate within a day, throughout a 
week, season, etc. and it always reflects changes of 
producers and suppliers (consumers) strategic decisions 
and fundamental factors. Market participants willing to 
buy and sold electricity have carefully considered 
development of prices, since this could improve the 
quality of bidding strategy. In this context, producers, 
seeking to maximize their profit, and suppliers 
(consumers), requesting to maximize their utility, have 
to possess accurate price forecasts. These forecasts can 
be received applying various forecasting methods and 
models. Thus, the aim of the paper is to analyze and 

apply selected forecasting methods for a day-ahead 
electricity price in Lithuania.  
Seeking to implement the aim, the following tasks have 
been set: 
 to review scientific literature about electricity price 

forecasting methods; 
 to overview statistical data describing electricity 

price development in Lithuania; 
 to familiarize with electricity price forecasting 

method, which has been applied in forecasting; 
 to present the results of forecasting. 
The realization of the tasks referred to employment of 
the following methods: scientific literature analysis, 
statistical data analysis, exponential smoothing methods 
(Holt’s linear, Holt-Winter’s additive and multiplicative 
models). 
 

2. Review of literature 
 
Electricity price forecasting has been widely studied 
during the latter decade. As a result scientific literature 
is rich of electricity price forecasting models the most 
popular of which have been time series models.  
Recently artificial neural networks (ANN) have been 
one of the most extensively used non linear methods for 
a short-run electricity price forecasting. The method has 
been applied for California [1], England and Wales [2], 
PJM [3], Australia [4], Germany [5], Spain [6] and 
many other countries. The results of forecasting have 
showed that historical electricity prices are an important 
input to ANN, although load, air temperature, reserves 
contribute to the improvement of forecasts accuracy. 
Commonly, the forecasts have been satisfactory: 
calculated mean absolute percentage error (MAPE) 
have varied in a broad range of 5.52-20.03%.  
The review of scientific literature has showed that 
univariate models such as autoregressive (AR), moving 
average (MA), autoregressive moving average 
(ARMA), autoregressive integrated moving average 
(ARIMA) and generalized autoregressive conditional 
heteroskedastic (GARCH) have been among the models 
that have been generally applied for electricity price 
forecasting. In [7], it has been stated that the advantage 
of these models lie behind the fact that a systematic and 

169



 

iterative methodology, how to apply models, has been 
already prepared.  
AR and ARMA models have been applied to forecast 
electricity price in Leipzig Power Exchange [8]. 
Considering the estimates of root mean square error 
(RMSE) and mean absolute error (MAE) it could be 
noticed that ARMA models outperformed AR models. 
ARMAX model, which belongs to a group of ARMA 
models and has been capable to include an external 
input variables such as reservoir level, load, oil and gas 
prices, and Periodic-ARMAX (PARMAX) model, 
which has exhibited seasonality, have been applied for a 
short-run electricity price forecasting in Colombian 
electricity market [9]. It has been revealed that 
PARMAX models present the worst results with error 
above 5.3%.  
ARIMA model has been kept one of the most mature 
techniques, which have been broadly and practically 
applied to forecast commodity prices. The model has 
also been applied for electricity price forecasting in 
PJM [3], California and Spain [10]. The results of these 
analyses are difficult to compare, since indicators 
representing forecast accuracy are different. However, 
in article [10] it has been showed that average error in 
the Spanish electricity market is around 10%, whereas it 
is around 5% during the stable period in the Californian 
market. PJM market has also been analyzed using 
seasonal ARIMA (SARIMA), exponential smoothing, 
as well linear regression models [11]. The regression 
model has included a combination of lagged dependent 
variables and explanatory variables (such as on peak 
energy use, nuclear availability and price of natural 
gas). The results of the analysis have told that in 
comparison to exponential smoothing, SARIMA model 
has provided only a modest improvement, with MAPE 
of 22% and mean absolute deviation (MAD) of 5.8 
USD/MWh, whereas specification of regression model 
has allowed to improve MAPE value to 19.5% and to 
reduce MAD to 5.06 USD/MWh. Scientists have 
concluded that more advanced models should be used, 
since they could produce better forecasts.  
Nonetheless, complexity of the model does not mean 
better forecasts. In [12], three time series models 
(ARIMA, ARIMA-EGARCH and ARIMA-EGARCH-
M) have been practiced. With reference to results of the 
period from 9 July 2007 till 5 August 2007, it could be 
stated that there have not been found model, which 
could be preferred. Besides, calculated MAPE and 
RMSE have been in a ranges of (26; 30) and (15; 17), 
respectively. Nevertheless, ARIMA-EGARCH-M 
model has outperformed other two models for the day 
of 6 August 2007. 
Thus, scientific literature is rich in papers dealing with 
electricity price forecasting. The methods used in the 
papers have been various and their application 
possibilities have been highly dependent on the 
properties of time series. Seeking to select appropriate 
method for Lithuanian electricity price time series 
forecasting, the properties of time series have to be 
analyzed.  
 
 

3. Data analysis 
 
The properties of electricity price time series have been 
disclosed using hourly electricity prices that formed in 
Lithuanian day-ahead electricity market from 1 January 
2010 till 31 December 2010. Data have been received 
from the website of Lithuanian Electricity Market 
Operator Baltpool (www.baltpool.lt). With reference to 
data provided, fig. 1 has been drawn. It shows 
development of Lithuanian hourly day-ahead electricity 
prices. 
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Fig. 1. Development of Lithuanian hourly day-ahead 
electricity price, LTL/MWh 
 
Development of electricity price has suggested that time 
series is non-stationary. It has been tended to fluctuate. 
The coefficient of variation, calculated dividing 
standard deviation by the mean, has been 24.7%. It 
suggests that volatility of electricity price has been high. 
Nonetheless, volatility of electricity price in Lithuania 
has been rather lower than it is in other electricity 
markets. For example electricity price volatility in Nord 
Pool had been 189% in 1993-1999 [13], whereas it had 
approached till 300% in USA and even 900% in 
Australia [14]. In Lithuania, variation has been 
influenced by short-lived spikes, which have occurred 
at the end of January and at the beginning of August 
2010, when price of electricity has increased twofold 
compared to its average level, i.e. it has spiked till 310-
350 LTL/MWh. It is worth noting that during the first 
five hours of 1 January 2010, electricity price had been 
0 LTL/MWh.  
Fig. 1 also depicts that electricity price time series has 
been seasonal. Average electricity price during a winter 
season has stood at 154.1 LTL/MWh. During this 
period electricity prices has been the most stable with 
the value of calculated variation coefficient of 16.1%. 
Average price has decreased by 12% in spring. Summer 
season has brought average electricity prices to increase 
till 177 LTL/MWh with the variation of 21%.  
It has been also set that electricity price development in 
workdays has differed from electricity price 
development in weekends and public holidays. As well, 
electricity price changes have been evident on hourly 
basis (fig. 2). 
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Fig. 2. Average electricity prices and their variations on 
workdays 

Fig. 2 shows that electricity price at midnight has been 
the lowest and does not exceed 140 LTL/MWh. 
However, namely electricity price has been the most 
volatile during these hours (variation coefficient is 
between 21-23%).  
Baltpool has indicated various reasons (factors) for 
price to change in Lithuanian Power Exchange. All of 
them can be shortly grouped into: a) factors affecting 
demand and supply, b) strategic decisions. The 
summary of the reasons (factors) is presented in table 1. 
 

 
Table 1. Reasons for price to change in Lithuanian [15] 
 

Month 
Min price, 
LTL/MWh 

Max price, 
LTL/MWh 

Average 
price, 

LTL/MWh 
Reasons for price to change 

January 0.00 345.22 138.00 

At the beginning of trade in Lithuanian Power Exchange, market 
players had been lack of practice about how to behave. Changes in 
electricity supply and demand (it had been influenced by fluctuations 
of air temperature) had been reasons for price to change. Thermal 
PPs decisions to increase production of heat made electricity price 
fluctuating in a broad range. Situation in neighboring electricity 
markets might adjust expectations of market players in Lithuania. 

February 102.24 230.23 153.00 

Situation in neighboring Scandinavian market could be a matter for 
price to fluctuate in Lithuania. Average price depended on its 
calculation methodology. Thus, an increase of trade volume during 
peak hours, when prices had been high, could cause some increase in 
weighted average of electricity price. 

March 76.34 200.33 126.00 
Spring-like flows had started in neighboring countries and enabled to 
increase cheap electricity production in hydro PPs and thus its supply 
to Lithuania. 

April 83.80 200.44 132.00 

Change in trade structure (i.e. increased trade volumes during high 
price periods) had been a reason for price to fluctuate. Spring-like 
flows in neighboring countries enabled to increase electricity 
production in hydro PPs and allowed to increase cheap electricity 
import to Lithuania. Situation in Scandinavian market did not made a 
pressure on electricity prices in Lithuania. When heating season had 
finished, energy suppliers (producing both electricity and heat) went 
from the market. Power exchange opened in Estonia and some 
foreign market players shortly left Lithuanian market. 

May 55.11 200.68 150.04 Lithuanian thermal PPs did not produce electricity. Decrease of melt-
water level in Latvia had impacted on reduced electricity supply to 
Lithuania. Limitations to transmit electricity had been set. 

June 97.68 200.30 152.33 

July 93.74 260.00 171.68 Thermal PPs in Lithuania hardly produced electricity. Planned 
maintenance of electricity transmission lines had started in summer, 
which reduced trade possibilities. 

August 120.70 350.01 206.06 
September 111.15 260.03 187.27 

October 0.10 220.01 178.65 
Lithuanian electricity supply increased due to the beginning of 
heating season. Lithuanian thermal PPs entered the market. 

November 115.08 210.66 157.7 
Planned maintenance of electricity transmission lines had finished. 
Lithuanian electricity supply had increased due to running heating 
season. December 123.51 220.70 165.02 

 
A performed data analysis has revealed that electricity 
time series is non-stationary and it is described as 
seasonal. Noticed properties of time series are relevant 
selecting a method and appropriate parameters to 
calculate accurate electricity price forecasts.  
 

4. Methodology 
 
With reference to data analysis performed, it has been 
decided to apply non-stationary time series’ models for 

electricity price forecasting. Day-ahead electricity price 
forecasting has been performed following the idea of 
exponential smoothing. Agreeably to [7], exponential 
smoothing method has been chosen because it is simple, 
intuitive, easily understood and gives a good forecast in 
a variety of applications. Besides, the results of this 
method will serve as a reference case for further 
analysis. However method is criticized due to its 
limitations, i.e. method is appropriate when time series 
fluctuates about a constant level or changes slowly over 
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time. With reference to scientific literature [16], three 
classes of exponential smoothing forecasting models are 
segregated: 
 a simple exponential smoothing model, which is 

applied when it is known that time series has no 
trend.  

 double exponential smoothing model, which is used 
when time series shows a slowly changing linear 
trend with or without seasonal pattern.  

 Winters exponential smoothing model, which is 
practiced for predicting seasonal time series. 

Only double exponential smoothing (Holt’s linear, Holt-
Winter’s additive and Holt-Winter’s multiplicative) 
models will be analyzed in this paper. The descriptions 
of these models are presented below. More information 
can be found in [18]. 
Holt’s linear model represents time series which has a 
trend but data are non-seasonal. A k-step ahead forecast 
has been calculated using (1): 
 

.kbLF ttkt     (1) 

 
Here: Ft+k – a k-step ahead forecast; Lt – electricity price 
level; bt – electricity price trend. 
Electricity price level has been calculated using (2): 
 

).bL()1(yL 1t1ttt     (2) 

 
Here: yt – electricity price at time t; Lt-1 – electricity 
price level at t-1; bt-1 – electricity price trend at t-1. 
Electricity price trend has been calculated using (3): 
 

.b)1()LL(b 1t1ttt     (3) 

 
Here: Lt – electricity price level at period t; Lt-1 –
 electricity price level at time t-1; bt-1 – electricity price 
trend at time t-1. 
Coefficients   and   vary in a range of [0; 1]. These 

coefficients have been chosen such that mean squared 
error (MSE) is minimized. Forecasting has been 
initialized considering that L0=L1 and b0=0. 
Holt-Winter’s additive model represents time series 
which has a trend and data are seasonal. In this case a 
seasonal equation has been added to Holt’s linear 
model. Thus, a k-step ahead forecast has been 
calculated by (4): 
 

.SkbLF sktttkt      (4) 

 
Here: St+k-s – seasonal component of electricity price for 
k-step ahead period, considering its length of seasonal 
cycle s. 
Seasonal component has been calculated using (5): 
 

.S)1()Ly(S st1ttt     (5) 

 
Here:   – a coefficient, which has been set taking into 

account that it fluctuates in a range of [0; 1], when MSE 
is minimized; s – length of seasonal cycle. 

Forecasting has been started, when assumptions 
described by (6), (7), (8) have been accepted [17]: 
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Assuming that in Lithuanian day-ahead electricity 
market seasonal cycle has been one week or one month, 
the length of a seasonal cycle s has been selected s=7 
and s=21. 
Holt-Winter’s multiplicative model also represents time 
series which has a trend and are seasonal, but in this 
specific case the forecast is multiplied by a seasonal 
factor. A k-step ahead forecast has been calculated by 
(9): 
 

.S)kbL(F sktttkt      (9) 

 
Electricity price level has been calculated using (10): 
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Electricity price trend has been calculated using (11):  
 

.b)1()LL(b 1t1ttt      (11) 

 
The initial starting values, Ls and bs, have been received 
as in the multiplicative model, but the seasonal indices 
Si have been calculated by (12): 
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With reference to [18], the accuracy of forecasts has 
been described by: 
 mean squared error (MSE). This indicator has 

been calculated using (13): 
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  (13) 

 
Here: yt – actual electricity price at period t; Ft –
 forecasted value of electricity price at period t; n –
 number of observations. 
MSE specifies the dispersion of the error. Sustaining to 
value of MSE the most suitable forecasting model has 
been selected. 
 mean absolute percentage error (MAPE), which 

has been calculated using (14): 
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MAPE describes the relative forecast accuracy and 
enables to compare forecasts. If MAPE is less than 
10%, then forecast is very accurate. 
In accordance to methodology described above, the 
calculations have been performed. Results are presented 
in the section below.  

 
Table 2. MSE and MAPE received for tested models 
 

 Holt's 

Holt-Winter’s 
seasonal 

multiplicative 
model, s=21 

Holt-Winter’s 
seasonal 

additive model, 
s=21 

Holt-Winter’s 
seasonal 

multiplicative 
model, s=7 

Holt-Winter’s 
seasonal 

additive model, 
s=7 

 MSE MAPE MSE MAPE MSE MAPE MSE MAPE MSE MAPE 
Year 257.4 N/A N/A N/A 221.6 5.9 N/A N/A 253.6 5.5 

Workday 272.6 28.2 289.7 29.6 226.2 29.1 287.4 29.2 266.6 28.4 
Workday 0-1 h 314.3 8.8 369.6 10.1 N/A N/A N/A N/A 366.7 10.1 
Workday 1-2 h 312.9 9.0 358.5 10.4 N/A N/A N/A N/A 357.7 10.3 
Workday 2-3 h 301.5 8.4 342.9 9.9 N/A N/A N/A N/A 341.7 9.8 
Workday 3-4 h 317.2 9.1 370.8 10.7 N/A N/A N/A N/A 369.5 10.6 
Workday 4-5 h 384.7 10.0 464.9 11.4 N/A N/A N/A N/A 455.6 11.0 
Workday 5-6 h 501.3 10.9 642.6 13.5 N/A N/A N/A N/A 609.0 12.5 
Workday 6-7 h 428.4 9.0 544.0 10.9 N/A N/A N/A N/A 528.4 10.4 
Workday 7-8 h 560.9 9.6 754.0 11.2 N/A N/A N/A N/A 691.1 10.8 
Workday 8-9 h 509.3 8.5 698.1 10.2 N/A N/A N/A N/A 614.8 9.5 

Workday 9-10 h 537.8 8.2 699.4 9.4 N/A N/A N/A N/A 624.0 8.9 
Workday 10-11 h 466.6 8.7 544.2 10.0 N/A N/A N/A N/A 527.5 9.8 
Workday 11-12 h 533.1 9.6 624.1 10.8 N/A N/A N/A N/A 527.5 10.6 
Workday 12-13 h 475.5 8.7 541.3 9.7 N/A N/A N/A N/A 530.4 9.4 
Workday 13-14 h 466.8 8.5 546.3 9.5 N/A N/A N/A N/A 541.8 9.4 
Workday 14-15 h 391.7 8.5 470.7 9.5 463.2 9.4 463.5 9.5 437.5 9.3 
Workday 15-16 h 440.5 8.4 637.8 10.0 597.4 10.0 503.4 10.0 481.0 9.6 
Workday 16-17 h 536.3 9.0 759.6 10.9 684.6 10.6 622.4 10.4 603.3 10.4 
Workday 17-18 h 558.9 9.1 783.5 11.0 685.6 10.7 638.5 10.4 598.6 10.2 
Workday 18-19 h 601.8 9.8 815.0 11.6 701.2 10.9 674.6 11.1 609.5 10.6 
Workday 19-20 h 414.8 8.6 499.2 9.9 488.2 9.5 515.4 10.3 472.0 9.5 
Workday 20-21 h 395.3 8.8 481.6 10.3 469.2 9.9 500.3 10.7 449.2 10.0 
Workday 21-22 h 511.7 11.5 629.3 13.2 581.8 12.0 624.9 12.9 566.4 12.3 
Workday 22-23 h 395.9 9.7 521.3 11.9 516.7 11.7 450.1 10.9 426.2 10.5 
Workday 23-24 h 328.6 8.2 399.4 10.0 370.6 9.4 399.4 10.2 344.7 8.4 

Weekend 187.0 4.0 194.1 4.8 169.5 4.9 193.3 4.7 186.0 4.4 
Public holidays 301.6 N/A N/A N/A 437.7 9.7 N/A N/A 345.9 8.8 

Winter 313.0 N/A N/A N/A 270.9 7.0 N/A N/A 302.6 6.6 
Spring 226.5 5.5 262.6 7.5 201.4 6.6 276.6 7.4 236.1 6.6 

Summer 264.4 4.1 268.8 4.6 226.0 5.2 265.3 4.1 261.4 4.6 
Autumn 211.6 68.7 262.5 74.9 190.5 69.3 272.9 73.9 217.9 69.9 

 
5. Results 

 
Holt’s model has been the first model estimated. 31 
variants of this type of model have been made. The 
results of Holt’s model have served as a reference case. 
Results of other models have been compared with 
results of Holt’s model. Summary of the calculations are 
presented in table 2. 
Table 2 shows MSE and MAPE obtained for each 
model. The results of tested models have told that there 
hasn’t been a model, which can outperform other 
models. All models perform very similarly, except 
models using hour specific working days’ data. Errors 
of these models have been the highest.  
Yearly data models. Electricity price forecasts using 
yearly data could be considered as very accurate, since 
MAPE has been below 6.0%. Holt-Winter’s seasonal 

additive model with yearly data and with a prolonged 
length of seasonal cycle (s=21) has allowed to reduce 
MSE by 12.6% compared to MSE, when s=7.  
Models with data of workdays, weekends and public 
holidays. Seeking to reduce MSE and MAPE, which 
have been obtained using yearly data, and to increase 
forecast accuracy, models with data of workdays, 
weekends and public holidays have been prepared. 
Results have showed that Holt-Winter’s seasonal 
additive model (s=21) have been reasonable to forecast 
electricity price in weekends, since MSE has been the 
lowest. Tested models with only workdays and public 
holidays data have showed worse results than models 
with yearly data. However, Holt’s model should be 
chosen for electricity price forecasting during days of 
public holidays. Forecasting error MSE in workdays 
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might be reduced when Holt-Winter’s additive model 
with seasonal cycle of s=21 is selected.  
Models with hour specific workdays data. Seeking to 
reduce errors for workdays, it has been decided to group 
workdays’ data in line with hours. The results present 
that errors remarkably increased for all 24 hours. 
Nonetheless, Holt’s model has dictated better results 
than other models. The worst results have been 
achieved by using Holt-Winter’s seasonal multiplicative 
model with s=21. In the case the length of seasonal 
cycle has been reduced till s=7, MSE and MAPE have 
improved for Holt-Winter’s models. Forecasting results 
using workdays 19-20 h data have been presented in fig. 
3. 
 

0

50

100

150

200

250

300

2010-01-04 2010-04-14 2010-07-27 2010-11-03

L
T

L
/M

W
h

Actual day-ahead electricity price, LTL/MWh
Forecasted day-ahead electricity price (Holt model), LTL/MWh
Forecasted day-ahead electricity price (Holt-Winter model), LTL/MWh
Linear (Actual day-ahead electricity price, LTL/MWh)  

 

Fig. 3. Forecasting results using workday (19-20 h) data 
 
Models using winter, spring, summer and autumn data. 
It has been set that models with winter, spring, summer 
and autumn data have showed better results when 
seasonal component has been included.  
 

6. Conclusions 
 
A day-ahead electricity price forecasting applying 
exponential smoothing models has been exercised. With 
reference to the results the following conclusions might 
be done: 
1. Electricity price forecasts using yearly data are very 

accurate. Forecast accuracy has increased, when 
prolonged seasonal cycle s=21 has been included in 
the Holt-Winter’s additive model. 

2. Models tested with yearly data have outperformed 
models, which have been prepared using data of 
workdays and public holidays. Electricity prices in 
workdays and weekends are recommended to 
forecast using Holt-Winter’s additive seasonal 
model, whereas Holt’s model can be applied for 
electricity price forecasting during public holidays 
days. 

3. Models tested with hour specific working days data 
have showed the worst results. However, Holt’s 
models have dictated better results than other. 

4. Seeking to increase forecast accuracy for winter, 
spring, summer and autumn, Holt-Winter’s additive 
model with prolonged seasonal cycle should be 
selected. 
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Abstract: In paper the analysis of service life 110 kV 
transformers of the Latvian Power Company for 2009 is 
carried out and the forecast on 2016 is executed. 
Technical measures to increase the reliability of 
functioning of the transformer equipment are 
considered. This task is solved under the conditions of 
deficit of the investments in the Latvian Power 
Company. The generalized and particular technical and 
economic models for measures’ estimation are given. 
The total annual discounted costs for transformer whole 
life cycle are offered as the objective function to 
estimate measures on updating and equipment 
modernization. 

 
Keywords: discounted costs, mathematical models, 
measures, modernization, transformer equipment. 

 
1. Introduction 

 
National energy independence and reliability of energy 
system work are based largely on the technical 
condition of equipment. One of the most responsible, 
but also expensive types of the electrotechnical 
equipment, are the transformers. At last decades in 
many power companies very actual and serious problem 
is mass aging of transformer equipment. In different 
power systems actual service life of 30-60% 
transformers is 30 years and more. In Latvian Power 
Company (Latvenergo) also almost half from 259 high-
voltage power transformers in 134 high-voltage 
substations work 25- 40 and more years. More than 
35% substations are located in Riga and Riga region. In 
practice, it is very important substations in power 
system which provide with energy the responsible 
consumers. 
Under the conditions of investments’ deficit in Latvian 
power branch a rate of transformers’ replacement is 
very slow. Therefore, the power company has been 
forced to deal with issues of aging of the transformers. 
The simultaneous replacement of such plenty of 
transformers, which have worked out a normative 
resource, requires the large investments. The 

impossibility to provide them in necessary sizes carries 
on to some changes of the purposes and tasks of 
maintenance of the transformer equipment. One of tasks 
becomes a prolongation of real resource of transformers 
over normative terms (till 35-40 years) through 
diagnostics, modernization, repair and other measures. 
Other direction consists in refusal of carrying out 
periodic scheduled preventive works due to control the 
state of transformers by monitoring systems.  
The solution about the prolongation of transformer 
resource should be accepted on the basis of careful 
inspection of a state of the equipment, estimation of 
aging of isolation, detection and elimination of 
imperfections.  
In the work the developed method for an economic 
estimation of any measures to increase of reliability 
functioning of the transformer equipment is given. This 
estimation is based on comparison of the total annual 
discounted costs for a user of power transformer at the 
realization of various measures [1-3]. Selection of the 
best variant is spent by the chosen criterion of 
optimality. 
 

2. Analysis of transformers’ service life in Latvian 
Power Company 

 
The number of refusals and damages of transformers 
depends on service life and operating modes. 
Let's consider history of growth and a trend of ageing 
and updating of 110 kV transformers in Latvian Power 
Company. 
Total number of transformers in power system in 2009 
makes 259 units (Fig.1). From power transformer 
database follows that the oldest transformer in the grid 
is produced in 1959. In the early sixties (till 1965) 
significant number of new transformers has been 
included in work. 
This is explained by the fact of rapid development 
during these years in connection with introduction of 
330 kV voltage in networks. 
A second stage of transformers’ growth has begun in 
the late sixties. It has passed in faster growth of 
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Measures 

Purchase of new transformer Replacement of installed transformers 
on new one 

Prolongation of transformer 
lifetime

Overhaul repair of transformer 

Modernization of voltage regulation device 

Modernization of    high-voltage bushings 

Replacement or regeneration of oil 

Monitoring system 

Monitoring system 

transformer base. The maximum has been reached in 
1978 when in work have been included 16 new 110 kV 
transformers. 
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Fig. 1.  Conditions of 330-110 kV transformers in the Latvian 
power company 
 
Transformer, which has been delivered in already 
independent Latvian Republic in 1992, didn't differ yet 
from analogs of the former Soviet Union. 
Next new 110 kV transformer was brought to Latvia 
only after seven years in 1999. 
For deeper analysis of 110 kV transformers on age, they 
were divided into four major groups (Fig.2 and Fig. 3). 
In the first group are transformers, which have not 
reached the normative resource (25 years). In the 
second group are transformers, whose age is between 25 
and 30 years. In the third group are transformers, whose 
age is between 30 and 40 years. Last group, it is 
possible to tell, “the historical group” are transformers 
with age more than 40 years. 
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Fig. 2.  110 kV transformers’ distribution by age in 2009 
 
The transformers’ quantity with age till 25 years in 
2009 has made 35 % from the general number of the 
installed transformers (Fig. 2). The average age of 
transformers in 2009 was about 26 years. It is 
represented that age more 30 years of operation for 110 
kV transformers (of course, the other high-voltage 
transformers) is dangerous age. Transformers, which 
age is more than 40 years, require special attention. If 
the decision about the future operation of such 
transformer is accepted, careful maintenance service or 
monitoring is necessary. From the diagram in Fig. 2 
follows that almost half of Latvian power transformer 
park based on the unstable 110 kV transformers.  

Latvenergo is planning to buy every year 4-5 new 
transformers. Nevertheless, it remains very large 
number of problem transformers. In these 
circumstances, to maintain reliability of power supply is 
difficult. 
The forecast of the situation by age in the transformer 
base for 2016 years is shown in Fig. 3, assuming that 
replacement’s rate of the transformers will remain at the 
same level. The diagram shows that number of 
transformers with age more 30 years will increase to 
52% in 2016 against 36% in 2009 at preservation of 
former rates of updating. It is necessary to increase 
purchase and installation of new transformers that not 
only to break a situation of aging of the equipment, but 
also considerably to update transformer base. 
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Fig. 3.  Forecast of 110 kV transformers’ distribution by age 
in 2016 

 
3. The generalized model for estimation of measures  

 
In the work the method for an economic estimation of 
any measures to increase reliability of functioning of the 
transformer equipment is offered. The generalized 
technical and economic model to estimate the efficiency 
of measures is developed. At a choice of measure it is 
necessary to consider both present and the future costs 
for operation of the equipment because these costs per 
calculated period are commensurable or even surpass 
initial costs on realization of this measure. Possible 
measures on increase of reliability’s functioning of 
transformers are shown in Fig.4. 
  

 

 

 

 

 

 

 

Fig. 4.  Measures on increase of reliability’s functioning of 
transformers 
 
The developed generalized objective function is created 
on the basis of the total annual discounted costs NPVn 
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(Net Present Value) for a user of the transformer for all 
calculation period (life cycle of the equipment) [2,3]: 

 1
1

0
0

,td
T

t t,nTCnCtd
T

t t,nTCnNPV 





  

where tnTC ,  are actual costs for a user of a power 

transformer in t year of calculated period T; td  is a 

discounting factor; 0nC are actual costs for a user of a 

power transformer at the initial moment of calculated 
period;  n is number of measures. 
The minimum of the total annual discounted costs          
( NPVn = min) for the calculation period is criterion of a 
choice of an optimum variant without taking into 
account identical to all variants of incomes of 
realization of production (sale of the electric power). At 
the account of incomes of realization of production the 
variant providing the maximal income is accepted for 
optimum (NPVn = max).  
The total annual costs can represent as: 
 

 20 ,nRCt,v,nOpCt,c,nOpCt,nCCnCt,nTC   

 
where tCnC ,

 are capital costs, which are equal tTnK , ; 

tcOpnC ,.
 are constant operating costs on amortization, 

maintenance repair and service; tvOpnC ,.  are variable 

operating costs for indemnification of losses of the 
electric power in the transformer; nRC  is probable 

damage to the consumer because of interruptions of 
power supply. 

The total annual discounted costs for a user of power 
transformer with allowance for separate components of 
costs look like: 
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where jtnTK ,  are total capital investments on 

measure in calculated year t with allowance for j 
investments; i – is the market interest rate; anp , rnp  

are corresponding percentage deductions on 
amortization, maintenance repair and service; 

scnl PP 11 ,  are the no-load and short-circuit losses of 

new transformer; mnT ,
 is the utilization time of the 

transformer per year;   is the utilization time of 

maximum losses per year; /
n  is the cost of 1 kWh  of 

electric losses; //
n  is the cost of 1 kW of power at 

power system maximum; T  is a expected load factor 

of the transformer.  
The probable damage to the consumers because of 
interruptions of power supply nRC  can be represented 

as: 

 4,AcAcC max,ndam,nRnRnR                         
 
where   Rc  is a cost of 1 kWh of undelivered electric 

power to consumers; nA  is a quantity of undelivered 

electric power; dam,n  is a probability of transformer`s 

emergency downtime per year; 
max,nA  is a maximum 

quantity of the power transferred through the 
transformer per year. 
The economic expediency on prolongation of 
transformer actual resource can be detected comparing 
the costs of considered variant with variant on 
replacement of installed transformers after ending of 
normative term by new one. Then the calculated period 

/t  instead T is term on prolongation of operation of the 

transformer after the ending of normative service life 
also varies [2]. 

 
4. Particular mathematical model  

 
Detailing of different components of objective function 
on years of calculated period leads to the concretization 
of the generalized technical and economic model and to 
creation of particular models for an estimation of 
various technical measures. The particular technical and 
economic models on the basis of the generalized model 
to estimate some measures in Fig. 1. are created and 
approved. The different components of all particular 
mathematical models are displayed in [4] and Table 1. 
 Following measures and objective functions (NPVn) for 
theirs estimation are utilized. 
1. An estimation of competitive offers of the equipment 
suppliers at purchase of new transformers for new 
objects (NPV1).  
2. Replacement of maintained transformers, which have 
worked out normative resource, on new modern 
transformers (NPV2). 
3. Prolongation of service life of transformers after 
carrying out of major overhaul (NPV3). 
4. Prolongation of service life of transformers after 
modernization or replacements of voltage regulation 
devices under loading (NPV4). 
5. Prolongation of service life of the transformer after 
modernization or replacements of high-voltage bushings 
(NPV5). 
6. Replacement or regenerations of oil (NPV6). 
7.  Installation of system of monitoring (NPV7).   
For specified above measures and objective functions 
NPVn estimated calculations are lead. Results of 
practical calculations for an estimation of technical 
measures in Latvian power system are shown in Fig.5. 
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Table 1.  Components costs and expressions of components 
for all particular mathematical models        
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Fig. 5. United results of NPVn calculations for different 
measures 

 
Expenses NPV3 - NPV7 for updating and modernization 
of the concrete transformer are spent after the ending of 
its standard service life. They should provide 
prolongation of service life from 5 till 15 years then it is 
necessary to replace the transformer with the new. 
Expenses for service life prolongation are economically 
justified, if they of fewer expenses for purchase of the 
new transformer NPV1 and make the big profit. 
Criterion NPVn = max defines efficiency of measures 
and a choice for realization in a power system.  

 
 
 
 
 
 
 

5. Conclusions 
 

1. In work the generalized and particular technical and 
economic models for an estimation of measures to 
increase the reliability of functioning of the 
transformer equipment are developed. 

2. The minimum of total annual discounted costs for 
the user of power transformer are offered as a basic 
criterion of a choice of an optimum variant without 
taking into account incomes of realization of 
production, at the account of incomes the variant 
providing the maximal profit is accepted for 
optimum. 

3. Detailing of different components of objective 
function leads to the concretization of the 
generalized model and to creation of particular 
models for an estimation of various technical 
measures.  

4. The offered method takes place approbation in the 
Latvian Power Company (Latvenergo). 
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Abstract: Paper deals with analysis of possible 
optimization of synchronous generator's excitation 
system. Authors examine influence of excitation 
system's parameters to the dynamics of transient 
processes in the power system. Authors investigated 
optimal parameters of excitation system of the Kegums 
hydro power plant. For optimization of parameters 
genetic algorithms was used. 
The problem of the mutual influence of excitation 
systems of neighbor power plants was investigated.  
Investigation of transient processes using developed 
model proved that optimization of excitation parameters 
improves efficiency of regulation of excitation system, 
damping of active power oscillation and in some cases 
can prevent out-of-step condition.    
 
Keywords: power oscillation damping, power system 
stabilizer, optimization of excitation parameters.  

 
1. Introduction 

 
The quality as well as reliability of electrical energy 
transmitted to consumers is one of the main parameters 
for successful operation of the power system.  The 
problem of power oscillation damping in the power 
system is solved using power system stabilizer (PSS) as 
additional voltage regulation loops. A lot of work has 
been dedicated to this problem [1, 2, 3]. Kegums hydro 
power plant (HPP) is one HPP creating cascade of the 
three HPP at the Daugava river. Modernization of 
equipment in the Latvian power system takes place 
during the last decades. Excitation system of the 
Kegums HPP is an old fashioned АРВ-СД excitation 
system with different stabilization parameters. Few 
other power plants are with modernized excitation 
systems. Hence, parameters of excitation system of the 
Kegums HPP are no more optimal. Paper deals with 
analysis of parameters of excitation system of Kegums 
HPP. Optimal parameters allow to improve power 
oscillation damping. Possible adaptive approach for 
more effective oscillation damping is suggested. 
 

2. Description of Kegums HPP and excitation system 
 
The construction of Kegums HPP was finished in 1979. 
Since that time three generators of 64 MW capacities 
are in service. Generator voltage is 13.8 kV. Excitation 
system is АРВ-СДП1 type developed in the former 
USSR [4].  
Transfer function of excitation system: 
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where T=0.5s, Ty=0.2s, K=1. 
 
Fig. 1 presents block diagram of АРВ-СДП1 excitation 
system.  
 

 
 

Fig. 1.  Block diagram of АРВ-СДП1 excitation 
 

3. Influence of PSS parameters to dynamic of control 
process 

 
Simplified “machine-system” diagram (Kegums HPP 
and System) is presented in Fig. 2. 
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Fig. 2.  Simulation model of Kegums HPP [6] 
 
Generator is equipped with standard governor and 
automatic voltage regulator and connected to infinite 
bus through three-phase transformer and transmission 
line. Simulation model was developed using Matlab 
Simulink simulation software.  
Model is equipped with block, simulating short circuit 
event. It simulates three-phase to ground short circuit. 
This type of short circuit selected as the heaviest case to 
study transient process.  
The dynamic of power system transient investigated for 
three phase to ground for different duration of short 
circuit simulation. 
In this case duration of short circuit is 0.3 seconds. 
Increase the duration causes out-of-step condition. 
Maximal short circuit duration depends on the load 
value in the power system [6].  
For considered case load is represented by HPP 
auxiliaries. Increase of the load will increase maximal 
duration of the short circuit, but it will not influence 
optimization process of excitation system. 
 

4. Optimization of excitation system 
 
Results of research conducted by authors showed that 
existing parameters of excitation system are not optimal 
from the point of view the power oscillation damping. 
The influence of excitation system parameters to power 
damping was considered. 
The following genetic algorithm as optimization 
criterion is suggested [3]: 
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where PG denotes the active power, Pref is its desired 
value; VG and Vref are the terminal voltage and its 
desired value, ƒG denotes the frequency, ƒref is desired 
value.  
The values of quantities used in equation (active power, 
voltage and frequency) are different. So deviation of 
one parameter will always exceed others. For unbiased 
estimation of optimization system it is possible to divide 
multi-objective equation into few simple equations and 
analyze each taken separately [5]. Comparison of 
simple equations can develop recommendations for 
optimization of the system. Optimization criteria can be: 
 

   

   

    )5(minA

)4(
0

minrefG2A

)3(min
0

refG1A

0

refG3  

 

 

t

dttftf

t
dttVtV

t
dttPtP



 
From the transfer function (1) it is seen that for different 
coefficients character of control is different. The real 
diapason of coefficients is: 
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Table 1 illustrates combination of coefficients used for 
the study of optimization the excitation system. Fig. 3 
and 5 illustrate optimization results for excitation 
system when optimization criteria are A2 and A3. When 
criteria A1 and A3 are selected the most optimal variant 
is for parameters of variant 6 and criterion A2 gives 
best result with parameters of variant 10. There is need 
in selection priority of variant for coefficients P, f and U 
or to select compromise version. 
 
Table 1. Variants of coefficients used for the study of 
optimization the excitation system of Kegums HPP 
 

Nr ∆U ∆U' ∆f ∆f' ∆I'f 
1 15 6 11 4 2 
2 25 8.5 11 4 2 
3 15 8.5 14.4 4 2 
4 50 6 11 5.5 2 
5 25 6 14.4 5.5 2 
6 15 6 11 4 3 
7 50 8.5 11 4 3 
8 15 8.5 14.4 4 3 
9 25 8.5 14.4 4 3 
10 15 8.5 11 5.5 3 
11 50 6 14.4 5.5 3 
12 50 8.5 14.4 5.5 3 

 

 
 

Fig. 3.  Variations of objective function A2 for different 
variants of coefficients during short circuit 
 
Fig. 4 and 6 illustrate results of parameters' 
optimization. Transient processes for voltage and 
frequency variations are shown for different 
optimization parameters.  
Application the coefficients of variant 4 will cause out-
of-step condition. The best damping case is observed 
for application of variant 6.  

 
 

Fig. 4.  Variation of Kegums HPP generator's voltage 
depending on combination of control coefficients 
 

 
 

Fig.5. Variations of objective function A3 for different 
variants of coefficients during short circuit 
 

 
 

Fig. 6.  Variation of Kegums HPP generator's frequency 
depending on combination of control coefficients 
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5. Adaptive approach for control of excitation 
system 

 
The next step of research was verification of optimal 
parameters' selection when influence of a neighbor 
power plant is investigated. The design diagram of the 
Latvian power supply system represents the 
mathematical model which is constructed with PSS/E 
software.  
The excitation system presented in Fig. 1, was 
integrated into simulation model of the Latvian power 
system.  
Fig. 7. represents investigated network of the Latvian 
power system. For practical analysis of dynamic 
behavior during disturbances in the power system each 
plant is represented by an equivalent generator.  
Optimization criteria search was determinated at three-
phase to ground short circuit, with duration 0.3 seconds.   
 

 
 

Fig. 7.  Simplified diagram of interconnected power plants 
 
The fault location was chosen the same distance to 
Kegums HPP as represented in Fig. 2. Short circuit’s 
location is at 110 kV substation (Ķekava).  
Variations of objective function А2 for different 
variants of coefficients are illustrated in Fig. 8.  
Fig. 8 shows that parameters of variant 3 are the most 
optimal. Two worst parameters of transient process are 
for variants 6 and 11. 
Results of voltage investigation on the bus of the 
Kegums HPP’s synchronous generator at transient 
process moment (Fig. 9), shows that at parameters of 
variant 6 there is a significant voltage drop.  
For parameters of variant 11 at the moment of voltage 
recovery occurs visible overshoot (voltage raise). 
In turn, comparing voltage raise at parameters of 
variants 3 and 11, it is possible to reduce overshoot by 
5%. 
Using objective function  А1 (Fig. 10) parameters of 
variant 10 are most optimal, but the worst is 11 variant. 
 

 
 

Fig. 8. Variations of objective function A2 for different 
variants of coefficients during short circuit 
 

 
 

Fig. 9.  Variation of Kegums HPP generator's voltage 
depending on combination of control coefficients 
 
Active power’s characteristics for different variants of 
coefficients are illustrated in Fig. 11.  
Comparing variants 10 and 11 is visible that deviations 
from nominal value can be reduced by 14.7 % (the top 
value) and on 27.0 % (the bottom value). 
Last objective function is shown in Fig.12. Like the 
second criterion, parameters of variant 10 are most 
optimal, but the worst is 11 variant. 
Frequency’s characteristics for different variants of 
coefficients are illustrated in Fig. 13. 
Using variant 10 in comparison with variant 11, allows 
to reduce frequency’s deviation from nominal value 
(raises damping). 
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Fig. 10. Variations of objective function A1 for different 
variants of coefficients during short circuit 
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Fig. 11. Variation of Kegums HPP generator's active power 
depending on combination of control coefficients 
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Fig. 12. Variations of objective function A3 for different 
variants of coefficients during short circuit 

 
6. Conclusions 

 

1. Influence of PSS parameters to dynamic of control 
process was investigated. 
2. Optimal parameters for Kegums HPP were selected 
using genetic algorithm. The investigations done using 
simplified scheme Fig. 2 show that criteria (3), (4), (5) 
are possible to improve synchronous generator’s output 

parameters’ damping and in some cases can prevent 
out-of-step condition Fig. 4, 6.  
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Fig. 13.  Variation of Kegums HPP generator's frequency 
depending on combination of control coefficients 

 
3. Influence of neighbor operating power plants' 
parameters was considered from the point of view 
stability of excitation control. Influence of neighbor 
power plant’s parameters is significant. The results of 
investigations which are done using simulation model 
of the Latvian power supply system, show that 
optimization of Kegums HPP’s excitation system’s 
parameters can increase stability and efficiency. 
Possibility of damping increasing of synchronous 
generator’s output parameters is illustrated in the paper. 
For example, active power’s amplitude’s reducing on 
14.7 % and on 27.0 % in the first period (Fig. 11).   
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Abstract: The paper presents the out-of-step protection 
device by testing methodology under close-to-real 
power system operation conditions. The power system 
stability modelling software is used as a source of test 
signals. The accurate modelling of power system in 
conjunction with dynamical modelling features allows 
to choose correctly the most reliable out-of-step 
protection scheme. Methodology was applied to out-of-
step relay “AGNA” testing and device settings 
verification. 
 
Keywords: power system stability, out-of-step relay, 
power system modelling software, relay testing, 
COMTRADE format. 
 

1. Introduction 
 

Power system is a subject to a wide range of small or 
large disturbances which occurs during steady state 
condition. The small disturbances such as load variation 
persist in power continually and power systems adjust to 
these changing conditions and continue to operate with 
nominal voltages and frequency. The large disturbances 
such as faults, loss of generation, excessive overload or 
lines switching can cause some part of power system to 
become unstable and the loss of the synchronism with 
remaining parts. When two areas of a power system lose 
synchronism, the areas must be separated from each 
other as quickly as possible to avoid equipment damage 
and possible power blackouts [1, 2]. The power system 
should be separated in predetermined locations to 
maintain a load-generation balance in each of the 
separated areas. The task of power system separation is 
accomplished with the out-of-step protection. The out-
of-step (OOS) protection implementation principles are 
well - known [2, 5] and OOS protection devices are in 
use in the power system utility. While the out-of-step 
relaying philosophy is simple, it is often difficult to 
implement for a large power system because of its 
complexity and large variety of different operating 
conditions to be studied. 
 

2. Out-of-step protection modelling objectives and 
deficiencies 

 
To get all the information needed for successful OOS 
protection scheme realization several studies should be 
carried out [2]: 
1. The selection of network locations for placement of 

OOS protection systems can best be obtained 
through transient stability studies covering many 
possible operating conditions. 

2. The maximum rate of slip is typically estimated 
from angular change versus time plots from 
stability studies. 

3. Determination of the optimal place of power system 
sectioning during an out-of-step condition is 
necessary. This will typically depend on the 
impedance between islands, the potential to attain a 
good load/generation balance, and the ability to 
establish stable operating condition of separated 
areas. 

All these studies can be successfully accomplished 
simulating a variety of power system conditions which 
can affect the system stability [3]. The power system 
modelling software EUROSTAG enables the power 
system processes to be simulated with high precision 
and is especially effective when power system stability 
study is necessary. 
Thus, the following information and tools are required: 
1. to build an accurate power system model the 

precise technical information about all the elements 
the power system is composed off (transformers, 
generators, lines) is required; 

2. a software that would simulate a variety of 
conditions which can affect power system stability; 

3. to verify the correct application of out-of-step 
protection scheme, an appropriate mathematical 
model of the OOS relay should be included in the 
stability simulation program; 

4. a set of simulations to analyze the efficiency of the 
selected out-of-step protection scheme. 

The accurate model of the OOS protection in 
conjunction with the power system dynamical 
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modelling determines the choice of the most reliable 
OOS protection scheme and makes it possible to 
calculate appropriate OOS relay settings. 
The precise technical data about high voltage apparatus 
are available from power system utility. The 
EUROSTAG software can be used as tool to build the 
complex power system models and to simulate the 
variety of scenarios for power system stability study. 
The OOS protection model can also be build using the 
EUROSTAG software if the OOS protection operation 
principle is known and a description of device 
operational algorithms is at hand. However, if the OOS 
protection model is built according to the protection 
operation manual, then it will be necessary to decide 
whether the model is absolutely equivalent to the real 
device or not.  
One may argue that the device and its model are not 
absolutely the same things. This is just because the 
mathematical/logical description of the protection 
operation algorithms provided by manufacturer and 
software/hardware realization of the same algorithms 
makes the difference. The differences in 
measurement/calculation precision of the model and its 
real counterpart usually are tolerable, but there exists 
the probability of rare software errors as well as other 
irregularities which exist only in the real device and can 
affect the device proper operation. Observing the 
statistical information about the cause of incorrect 
protection operation [4] (Fig. 1.) the following can be 
pointed out: more than 10% of all incorrect protection 
operations are due to incorrect device settings, about 
20% are due to internal relay fault (hardware or 
software). Another 20% are marked as “reason 
unknown” – sometimes the software error detection is 
nearly impossible because it is hard to reconstruct the 
situation when this error becomes visible and affects  
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Fig. 1. Cause of Incorrect Protection Operation (1976 – 2002) 
 
the device operation. This kind of errors can be fixed 
only when the device operates with real signals under 
real or close to real operation condition. 

Taking into account all the above said as well as the 
extreme importance of the out-of-step relaying, the 
following conclusion can be made: the concept of OOS 
device testing in real or close to real conditions may 
become imperative for successful and confident 
relaying. 
 

3. Power system stability simulation 
 
Practical realization of this concept is shown on Fig. 2. 
The EUROSTAG is used as power system regime 
simulator. Power system model is represented with two 
generation areas interconnected with two HV links: one 
link is 330kV transmission line and the second one (the 
weak link) is 110kV transmission line (Fig. 2). 
 

 
 

Fig. 2. Power system model used in stability study 
 
The power system can become unstable when short term 
loss of 330kV transmission link occurs. This condition 
can arise as a result of a short circuit on 330kV line with 
a subsequent successful auto reclosing. Varying the 
short circuit clearing time, automatic reclosing delay, 
the load, short circuit type and location, different 
scenarios can be simulated. The behaviour of the power 
angles for both generation areas of power system is 
presented on Fig. 3. Depending on the selected scenario, 
the cases from stable power swing toward the loss of 
synchronism and out-of-step condition can be 
simulated. 
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Fig. 3. Angular positions and voltage angles of GEN1, GEN2 
generation area in the case of short circuit 
 

4. OOS relay “AGNA” operation principles 
 
The OOS relay should be used to protect the modelled 
power system from out-of-step condition. For power 
swing condition detection and OOS relaying “AGNA” 
protection should be installed on N110-1 – N110-2 HV 
line. The operation conditions of the OOS protection 
AGNA are determined by one of the two algorithms. 
The first operation algorithm does not  
 

 
 
Fig. 4. Equivalent circuit of the power system 
 
allow generator angle to slip, and operation takes place 
in the first swing cycle. The second algorithm allows 
pole slip, and the device operates after some swing 
cycles depending on the settings. The power swing 

detection is based on the control of angle  between two 
simulated voltages U1 and U2 [6]. To simulate these 
voltages two-machine circuit - an equivalent of the real 
system - is used (Fig. 4). 
 
 
 
 
 
 
where U and I are local voltage and current, controlled 
by protection in the point of installation, 1Z  and 2Z  
are the settings, which are chosen depending on the 
equivalent parameters of the power system. Depending 
on the location of ESC (Fig. 5), the modeled voltages U1 
and U2 can be located on the same side of ESC (the 
angle  does not exceed 90) or can be located on the 
opposite sides of ESC (angle  increases until it reaches 
180). 
 

 
 
Fig. 5. Characteristic diagrams of device operation 
 
The protection operates when the following 
requirements are met: 
1. angle  has reached its limit value; 
2. angle changes with a sufficiently high rate (d/dt); 
3. currents and voltages are symmetrical. 
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where 1, C1 and C2 are the appropriate device settings. 
The device settings are preliminary calculated and can 
be checked and corrected during simulation if 
necessary. 
 
5. OOS relay testing with power system dynamics 

simulation signals 
 
The EUROSTAG allows any signal of power system 
dynamic simulation to be exported in the ASCI format. 
Thus, 3-phase currents and voltages obtained during 
simulation can be saved in external file and can be used 
(after conversion into real currents and voltages) for real 
device testing. The relay test system (ISA DRTS) is 
used to playback the simulated signals. 
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Since the EUROSTAG output signals are represented 
with signal effective value and phase angle, but relay 
test system accept signals in COMTRADE format 
(instantaneous values), the converter program is 
required. 
Such conversion program was made and it converts the 
EUROSTAG output file into COMTRADE format.  
As soon as the COMTRADE data file is obtained it can 
be used with any modern Relay Test Equipment which 
would allow to playback the signal waveforms. The 
complete picture is similar to the one on Fig. 6.  
At the first stage (Fig. 7) a model was constructed and 
fault was simulated and data illustrated graphically were 
collected. Current and voltage effective variable 
changes are shown at fault start moment.  The power 
system model and various regimes (short circuits, line 
loss, load variations) are simulated with the 
EUROSTAG software. 
It is comparatively difficult to understand what kind of 
processes (faults) occurs in power system. According to 
these processes relay setting is to be calculated which is 
a more comprehensive task. Thus, test relay reaction on 

different types of faults is necessary. The second stage 
is the following: with the help of special program 
simulated signals are converted in the COMTRADE 
format (Fig. 7) and uploaded in Relay Test System 
(RTS) (Fig. 6). The RTS playbacks the currents and 
voltages, and the reaction of the OOS relay AGNA can 
be observed. 
After simulation it is necessary to analyse a reaction of a 
testing relay. For this purpose “SMOKY2” software was 
created. This software allows to display analog and 
digital signals, construct vector diagram (in dynamical 
and static forms), enlarge signal waveforms to get more 
precise data on processes in time, find changes in digital 
signals as well as some other features. At the third stage 
simulated out-of-step condition and AGNA OOS relay 
correct operation are analyzed (Fig. 7).  
AGNA binary output “BO1” gives a command to 
breakout when the angle between simulated voltages U1 
and U2 overreach the appropriate setting value. The 
waveform analysis and device reaction for the particular 
experiment are displayed using the relay operation 
analyzing “SMOKY2” software. 

 

 
 

Fig. 6. OOS relay testing using simulation features of EUROSTAG 
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6. Conclusion 
 
Large disturbances may cause loss of synchronism 
between some parts of power system and, if this 
condition ignored, can lead to widespread power 
outages and blackouts. 
The extreme importance of OOS condition liquidation 
dictates that all possible efforts must be taken to 
guarantee the correct OOS relay operation. 
The settings for OOS relay could be difficult to 
calculate because of the power system complexity and 
parameters variation in time. OOS relay operation 

should be verified in different power system regimes 
which can hardly be simulated using traditional relay 
testing technique. Power system dynamic modelling 
program EUROSTAG is used for power swing and 
out-of-step processes simulation. 
Specially created program allows to convert simulated 
signals into the COMTRADE format and then real 
currents and voltage waveforms can be recreated by 
means of any modern relay test system. 
The modelling technique of the power system 
processes was successfully implemented for protection 

Fig. 7 Out-of-step regime simulation and OOS relay operation (BO1) 
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and automation devices testing. Testing methodology 
allows to test the OOS relay in close-to-real conditions. 
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Abstract: In non-uniform two-terminal lines, 
circulating and equalizing currents appear, in non-
uniform rings – circulating current; these adverse 
currents cause extra power losses. Those losses are 
equal to the product of summary resistance and squared 
said currents and are independent of their direction. 
Equalizing current causes considerable losses by phase 
discrepancy of terminal voltages even when voltage 
magnitudes are equal. Equalizing current losses do not 
exceed ¼ of load losses when terminal voltage 
differences and load voltage losses are equal. 
 
Keywords: load losses, loop-type network, power 
losses, two-terminal line, voltage loss. 
 

1. Introduction 
 

At a time, when there remains less fuel in the world 
while the population of the world steadily increases, 
energy shortage becomes actual. In this regard, 
alternative energy sources are being introduced and the 
question of energy savings and reduction of its losses 
becomes the relevant issue. In computer programs this 
issue is given attention and the computer renders the 
data concerning it. We want to draw attention to the 
structure and cause of the additional power losses in 
closed networks which are particularly evident in 
simple closed networks – in two-terminal lines and 
their specific kind – ring networks. These networks in 
general are spread not broadly enough. They are used 
mainly in high voltage networks to provide necessary 
reliability of electricity supply and higher quality of 
electricity. The distribution networks [1] (primary 
systems [2]) as well as subtransmission systems are 
formed as radial lines, some times they include closed 
fragments. The simplest closed grid is two-terminal 
line; when its terminal voltages are equal, we become 
the ring or loop-type network. 
Imperfect two terminal line may have unequal terminal 
voltages or/and may be non-uniform – consist of 
branches with various X/R ratios. In the imperfect 
closed networks, said above advantages are 
downplayed by increased losses. It is mainly for this 
reason that two-terminal lines and rings are broken at 

sink nodes. Additional losses are caused by undesired 
useless adverse currents. The full picture of currents and 
power losses in these imperfect two-terminal lines and 
grids are being cleared up in this article. 
 

2. Decomposition of loop-type networks 
 

In a loop-type network each node is connected with two 
departing power lines. An example of ring network is the 
developed for construction in the future loop “Kurzemes 
loks” (Fig. 1), which is in east side of Latvia [3]. The 
connections with the neighboring power systems can be 
considered as negative or positive loads depending on 
the direction of energy flow. 
To make the quantitative estimations, an example of two-
terminal line in Fig. 2 is used. Considering the network 
ring, the terminals A and B are joined together (Fig. 2.a). 
As the networks in general, the ring network can be 
uniform when the ratio of reactance to resistance of all 
branches is the same (X/R = const) and non-uniform 
when X/R ≠ const [1]. In any case the m-th branch 
current of the ring İb,m

' can be found basing on [4] by 
formula: 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 

Fig. 1. Developed high voltage ring “Kurzemes loks” 
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where, Żi is impedance of branch i, ŻΣ is total 
impedance of the ring, İl,k is k-th load current (Fig. 2) 
which are determined: 
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where iS


 and U


 are conjugate load of corresponding 

node and conjugate voltage applied to connected nodes 
A and B. 
But current İb,m

'
 also can be determined applying the 

principle of superposition [5] to branch currents in 
ringed uniform network İub,m and the circulating current 
İci: 
 

cimubmb III   ,,   (3) 

 
This branch current representation will help us to  
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 

estimate load losses from non-uniformity of the ring; 
current İub,m of the uniform ring can be determined 
similarly to (1) applying the resistances Ri of the 
branches: 
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Circulating current İci can be determined [6] as follows: 
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where  
 

tgRXX iii    (6) 

 
where Xi and Ri are reactance and resistance of branch i, 
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where total values XΣ and RΣ are: 
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Since denominator of expression (4) is total impedance 
of the ring, the numerator must be emf inserted in the 

ring, so appropriate voltage ciU  is: 
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hence two-terminal non-uniform line with equal 
voltages (in other words, non uniform ring) is 
decomposed into uniform ring with inserted voltage 

ciU  (Fig. 3). 

 
3. Two-terminal lines  

 

In two-terminal line (Fig. 2.a) voltages AU  and BU  

may not coincide in magnitude or direction; the 

difference dU  

 

BAd UUU     (10) 
 

As a result, equalizing current eqI  appears [1], [4]: 

 

Fig. 2. Two-terminal lines 
a – terminals A and B are fed from separate sources 
b – loop-tipe (ring) network, terminals A and B  
      are joined together 
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where ŻΣ is in accordance with (2). To determine the 

currents 1,1  nbb II   in the branches b1…bn+1 of two-

terminal line, we should apply the superposition 

principle [5]: i.e. branch currents bI   of two-terminal 

lines are the sum of branch currents bI  of the ring ( bI  

is the buI ,
 when ring is uniform or bI  when ring is non-

uniform) and the equalizing current İeq: 
 

eqbb III   1,1 ... eqnbnb III    1,1,  (12) 

 
In any two-terminal line it is better to calculate in such a 
way only branch current of the first branch İb,1= İA from 
point A to the right. Each following branch current from 
İb,2 to İb,n+1 
 
 
 
 
 
 
 
 
 
 
 
 
 
including can be found as: 
 

mlmbmb III ,,1,
    (13) 

 

where mlI ,
 is the m-th load current. 

Initially directions of all branch currents are shown from 
left to right (Fig. 2.a). Beginning with the branch with 
negative current, their direction on circuit diagram 
ought to be changed in opposite but branch current 
signs must be preserved for correct summarizing of 
branch current İb and circulating İci or equalizing 
current İeq. But what is the voltage at which load 
currents İi used in (1) and determined by (2) can be 

calculated? Whether by their calculation voltage AU  

and BU  should figure? Is it geometric mean or 

arithmetic mean or some other value as a function of 

voltages AU  and BU ? It appears that the right value is 

exactly arithmetic mean avgU


 of voltage AU


 and BU


 

which must stand in (2) for voltageU


: 
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The principle of superposition implies that, one 
affecting quantity changed, the result of the second does 
not change. In our case we have two quantities 
constituting the currents İb1…İbn+1 which may be 

measured in the line branches; these quantities are U  

and avgU


. Only by virtue of (14), avgU


 remains the 

same when AU  and BU  coincide and when they 

diverge on the value 2/U  from the initial state, 
hence load currents İl by (2) do not change. On the other 

hand, dU  remains the same when AU  and BU  

change by the same value and the equalizing current 

eqI  does not change. 

 
4. Non-uniform two-terminal line based on a 

uniform loop-type 
 
In a non-uniform two-terminal line (Fig. 2.a), the branch 
currents can be determined as the sum of three 
constituent currents: a) branch load currents İub,1…İub,n+1, 
for uniform ring using branch resistances and load 
currents İl,1 …İl,n, calculated by (2) at the average voltage 

avgU


, b) circulating current İci calculated by (5) and c) 

equalizing current İeq calculated by (11). The last two 
currents should be pooled in one extra current: 
 

cieqex III      (15) 

 
This quantity should be understood as a sum of voltages 

ciU and dU  substantiating these currents divided by 

total impedance of the two-terminal line ŻΣ. 
Actual currents in branches of two-terminal line are 
determined as: 
 

exubb III   1,1,  … exnubnb III    1,1,  (16) 

 
This sum should be understood as confluence of two 
currents. 
 

5. Extra losses due to adverse currents 
 
We will consider losses in one phase.  
Under known summary currents in the branches, the 
losses can be calculated as: 
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while losses in a uniform ring are: 
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Fig. 3. Representation of  non-uniform 
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Extra losses are: 
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But it is important to know how great the losses are 
resulting from peculiarities of two-terminal line 
parameters: its terminal voltages and branch parameters; 
exactly: what are the extra losses from extra current and 
its components individually. As concerns the circulating 
current, it is proved [6] that extra power losses are: 
 

 RIP cici
2    (20) 

 
where RΣ is by (8). And circulating current İci is caused 

by voltage ciU  by (9) which is inserted in the loop. It 

should be kept in mind that the direction of the 
circulating current does not play any role for 
determination of losses, its direction is important in 
formula (3). Similarly, the two-terminal line with 
different voltages can be represented as a ring with 

voltage U  inserted. This allows us to assert that extra 
losses from equalizing current are: 
 

 RIP eqeq
2

  (21) 

 
The proof can be obtained in the same way as it was 
done for circulating current in [6] but applying the 
analogy, it is unnecessary to do. Said above is checked 
by calculations with various real and complex values in 
Excel program. Analyzing formula (21) it follows that 
the direction of equalizing current (consequently the 

direction of voltage difference U ) does not matter for 
extra losses value. It is absolute value which plays the 
role. And it can be significant even at small angles: at 
equal terminal voltage magnitudes, by Θ=3º, voltage 
difference is δU>5 % of terminal voltage, by 5º 40’ it is 
10%. 
Analogously, extra losses from extra current (the sum of 
circulating and equalizing current) should be: 

 

 RIP exex
2

  (22) 

 
Comparing expressions (11) and (5), we see that 
equalizing current depends only on line terminal voltage 
difference, while circulating current – on load currents 
and on to what extent and how two-terminal line is non-
uniform. Circulating current increases when Xm/Rm 
steadily increases or diminishes towards one of the line 
terminals. The same is with the load currents. As 
concerns the circulating current, things are not so bad, 
because the cost of line will not increase so strongly 
when it is constructed for uniform grid as compared 
with the line of smaller cross-section in non-uniform 
grid; besides, in an existing line circulating current can 
be diminished by certain measures [7], [8]. A more 

detailed consideration of the circulating current 
elimination is beyond the scope of this article. 
Let us estimate situation considering the simple case in 
Fig. 4 of the line with active resistance and single load 
Il. 
We shall compare losses from load current Il and losses 
from the difference of line terminal voltages ΔUd in the 
case when this voltage difference is equal to voltage 
loss ΔUl from load current: 
 

ld UU     (23) 

 
In general case when load is connected at any point in 
the line at a distance with active resistance R from the 
left line terminal, the equivalent resistance to the load is: 
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Voltage loss to the load is: 
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Power loss from load current: 
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Power loss from line equalizing current is: 
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Correlation between power losses is: 
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Maximum of this ratio is when load is connected in the 
middle of the line; then this ratio is 1/4. When load is 
connected to any terminal (R=0; R=RΣ), mathematically 
correlation is zero but in reality it does not make sense. 
When load Il is distributed evenly along the line, entire 

power loss lP in the line from load current is: 

 

Fig. 4. Simple two terminal linecase to compare losses 
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Power loss from line equalizing current is: 
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Correlation between power losses is: 
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Relying on considered above, we can say that maximum 
losses from equalizing current are 1/4 of the load losses 
with provision that voltage difference is equal to 
maximum load voltage loss. This provision is made in 
order to weigh the consequences of equalizing current. 
In reality terminal voltage difference can strongly differ 
from load voltage loss. In practice we have to do with 
the impedance of the line. But this doesn’t change 
significantly the situation with correlation of losses if 
non-uniformity of two-terminal line is not too high. 
We recall that formulas (20) – (22) are valid 
independently on direction of circulating or equalizing 
currents (when only one of them flows) or extra current 
(the summary of circulating and equalizing currents) 
hence on the direction of corresponding voltages (or the 
sum of voltages). 
Voltages UA and UB can differ by magnitude as well as 
by phase. To keep them in necessary limits, may be cost 
effective only for higher voltages. That is the reason 
why in medium and lower voltages the grid is split in 
the confluence nodes. 

Example 

In east Latvia, maximum active power Pmax=301.7 MW 
and maximum reactive power Qmax=62.8 MVar were 
transmitted on extra high voltage power line Uu=330 kV 
from Grobina to Broceni (Fig. 5) in 2010. The line’s 
resistance Ru is 4.55Ω and Xu is 28.54Ω. The 110 kV 
network with equivalent resistance Rb=29.31 Ω, 
reactance Xb=45.68 Ω, impedance Zb=54.27 Ω is 
connected between secondary windings (voltage 
Ub=110 kV) of autotransformers in Broceni and 
Grobina. In such a way 110 kV network can be 
considered as two terminal lines with unequal terminal 
voltages. 
Longitudinal ΔUu and transverse δUu components of 
voltage drop across 330 kV line are: 
 

kV 9.591 =maxmax
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Voltage drop module DUu is: 

 

kV 26.988 =22
uuu UUDU  (31) 

 
The phase values of these voltage drops at 
autotransformer secondary windings are 

)3/110/(330 =5.196 times smaller, hence 
ΔUb=1.846kV; δUb=4.855kV; DUb=5.194kV. 
Corresponding maximum equalizing currents in 110 kV 
network are: 
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Maximum power losses in 110 kV network: 
1) if terminal voltages (at secondary windings) are 
adjusted only on magnitudes, voltage difference will be 
approximately δUb, the 110 kV extra losses according 
with (21) will be: 
 

MW 0.704=3 2
beq RIP   ;  

 
2) if the angle between terminal voltages (at secondary 
windings) is reduced to zero, voltage difference will be  
approximately ΔUb, the 110 kV extra losses according 
with (21) will be: 
 

MW 0.102=3 2
beq RIP   ;  

 
3) if terminal voltages are adjusted on magnitude and 
angle, then the losses: 
 

MW 0.805=3 2
beqDD RIP    

 
are eliminated. 
On the Broceni – Grobina 330 kV line section, 
maximum load time is Tm=4500 h which implies the 
maximum power losses time τ =2886 h. 
1) If regulation is performed only on voltage 
magnitudes, energy loss at the 110 kV network which is 
fed from substations Broceni and Grobina in the year 
2010 will be: 
 

MWh. 2031  PA   

 
2) If only angle between terminal voltages is adjusted, 
energy loss will be:  

MWh. 294=  PA    

3) If the terminal voltage magnitudes and angle between 
them are adjusted, eliminated energy losses will be: 
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MWh. 2324= eqDD PA   

According to official data, electricity tariff is 
pE=0.0825LVL/kWh. Then the indices in monetary term 
are respectively: 

1) loss remains EpA =167525LVL; 

2) loss remains EpA =24216LVL; 

3) company avoids total losses of ED pA =191740 

LVL. 
We see that in this case, larger losses are created by 
phase shift between terminal voltages (which is 4,38˚). 
This happens because the transverse component of the 
voltage drop across the extra high voltage power line is 
greater than the longitudinal one. 

 
 

Fig. 5. Fragment of existing the East Latvia high voltage 
network 
 
How to eliminate the phase shift, it is important 
question in this case. There are known measures to 
correct angles in a network. Most early solution to the 
question is the use of linear transformer with cross-
regulation [7]. Nowadays this task can be solved by 
implementation of new equipment based on high power 
electronics such as Flexible Current Transmission 
System (FACTS) [9]. The details of this question are 
beyond of the scope of this article and it may be the 
issue for future consideration. 
 

6. Conclusion 
 
In non-uniform ring, circulating current causes extra 
power losses which are equal to the summary of the 
active resistances of the ring multiplied by the said 
squared circulating current. 
In two-terminal uniform power line, equalizing current 
causes extra power losses which are equal to the 
summary active resistance of the line multiplied by the 
said equalizing squared current. 
In two-terminal non-uniform line, both equalizing and 
circulating current cause extra losses which are equal to 
the summary active resistance of the line multiplied by 
the squared summary of the said equalizing and 
circulating currents. 

Extra losses do not depend on the phase of adverse 
currents or the phase of their sum. 
Angle mismatch of the terminal voltages can cause 
considerable extra losses. In some cases, angle 
mismatch can cause greater losses than the difference of 
terminal voltage magnitudes. 
Branch currents of two-terminal lines can be determined 
as the sum of branch currents calculated by specific 
terms and the said adverse currents. 
When terminal voltage difference is equal to maximum 
voltage loss from load current in two-terminal line with 
equal terminal voltages, then equalizing current losses, 
caused by said voltage difference, do not exceed 1/4 of 
load losses. 
 

7. References 
 

1. A. Vanags, Elektriskie tīkli un sistēmas, I daļa. 
Rīga, RTU izdevniecība, 2005, p.38 – 40, p.262 – 
278. 

2. Turan Gönnen, Electric Power Distribution System 
Engineering. London, New York, CRC Press 
Taylor & Francis Group, 2008, p.169 – 173, p.235 
– 244. 

3. D. Plato. Kurzemes loka projekts jau nākamgad sāk 
sildīt Latvijas ekonomiku. „EnergoForums” 
2009.gada decembris, 16 p. 

4. В. Блок, Электрические сети и системы, Москва, 
“Высшая школа“, 1986, p.123 – 126,. 

5. K.Tabaks, Elektrotehnikas teorētiskie pamati. 
Stacionāri procesi lineārās ķēdēs, Rīga, “Zvaigzne”, 
1985, p.37 – 38,. 

6. J. Survilo, “A ringed non-uniform network: how to 
raise its efficiency”, Latvian journal of physics and 
technical sciences. No 6. Riga, 2008, p.20 – 32. 

7. В. Идельчик, Электрические системы и сети, 
Москва, Энергоатомиздат, 1989, p.210 – 211, 
p.520 – 523.  

8. J. Survilo, “Enhancement and comparison of simple 
types of closed networks”, Latvian journal of 
physics and technical sciences. No 9. Riga, 2009, 
p.36 – 50. 

9. R. Sadikovic, Use of FACTS devices for Power 
Flow Control and Damping of Oscilations in Power 
Systems. 
www.eeh.ee.ethz.ch/uploads/tx_ethpublications/eth
-diss-16707.pdf, 139 p. 

195



 

The 6th International Conference on 
Electrical and Control Technologies 
May 5-6, 2011, Kaunas, Lithuania 

 

 AN AGGREGATE ANALYTICAL LOAD MODEL WITH VOLTAGE 
DEPENDANT CHARACTERISTICS 

 
 

Georgi GEORGIEV*, Inga ZICMANE**, Eduard ANTONOV**, Sergejs KOVALENKO**,*** 
*CEZ, ТPP “Varna”, Bulgaria; ** Riga Technical University, Institute of Power Engineering, Latvia;  

*** JSC “Siltumelektroprojekts” 
 
 
 
Abstract: This paper presents a new analytical approach 
for creation of equivalent aggregate load models 
applicable to high voltage substations.  Such load can 
functionally replace that distribution network portion 
which receives its power supply from a given 
substation.  Thus, arbitrary dependent on voltage static 
load characteristics of the component loads in the 
middle voltage radial network are considered. The 
frequency is accepted as invariable. By this analytical 
technique, based on Jordan elimination, the grid losses 
are automatically joined to the aggregate load. The 
calculated aggregate static load characteristics 
predetermine preservation of the model’s behavior in 
steady state and transient process. Results of case 
studies are presented using Eurostag software. 
 
Keywords: load modelling; aggregated load area; 
aggregate load; load characteristic; Jordan elimination; 
steady state;  transient process; stability; complex 
network. 

 
1. Introduction 

 
To choose the methodology for creation of a reduced 
model of power system for robustness studies it is 
required that reduced model would accurately describe 
the behaviour of real power system. Otherwise a risk to 
degrade operation performance is introduced. 
Creating a reduced model of high voltage power system 
without loss of accuracy it’s necessary to take into 
consideration the low voltage network with its real load 
characteristics (LC) for each node as well as losses of 
eliminated branches. Thus it is possible to receive a 
precise equivalent of the integrated load on the high 
voltage side. 
Many publications highlight problems addressing the 
reduction of large power systems [1-5]. In many of the 
works devoted to network reduction little attention is 
paid to the load representation and to its behavior 
during transient stability analysis. 

This paper proposes a new reduction technique, 
allowing loads with arbitrary non-linear static load 
characteristics (SLC) or dynamic load characteristics 
(DLC), dependent only on voltage, to be eliminated 
while preserving without change the initial steady state 
and the next system behavior during electromechanical 
transient process.  

 
2. Theoretical background 

 
2.1. General case of load representation 
 
Recently the majority of modern engineering programs 
(e.g. “Eurostag”, “Etap” and others) allow  to set loads 
P and Q in power form as a function of voltage (U) and 
frequency (f) relative to their initial values U0 and f0 
respectively [6-7]: 

 
 P = P0·(U/U0)

α ·(f/f0)
γ.   (1) 

 
 Q = Q0·(U/U0)

β ·(f/f0)
δ,   (2) 

 
where P and  Q are active and reactive node powers; P0 
and Q0 are their initial (base) values. The load behavior 
depends on exponents α, β, γ and δ in conditions distinct 
from the initial ones. The effects of load modeling on 
transient stability of power systems have been studied in 
several scientific studies [8-10], where it is shown that 
the ways are modeled system loads fundamentally affect 
transient stability of the power system. 
Let us recall that in general SLC and DLC can be 
different because the load behavior depends on the 
speed and the amplitude of voltage and frequency 
changes that reflects on the indicators α, β, γ and δ.  
 
2.2. A load model with independent on frequency 
load characteristic 
 
In many practical cases the frequency doesn’t took into 
consideration because the system frequency does not 
change (f = f0) at given small fluctuations of other 
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parameters.  The influence of frequency can be ignored 
also in those cases of dynamics when a small local 
disturbance is examined. This is a rather likely situation 
for big electrical power systems, where separate loads 
are much smaller than the total system load. Then 
expressions (1,2) become simpler and receive a form: 

 
 P = P0·(U/U0)

α;           Q = Q0·(U/U0)
β.   (3) 

 
Generally, lumped loads are represented as composite 
load models on the basis of: 
 constant power demands (P0 , Q0) if the indicators α 

and β = 0. This model is often used in load flow 
calculations, but is generally unsatisfactory for other 
types of analysis, like transient stability analysis, in 
the presence of large voltage variations. 

 a constant current demand (I) if the indicators α, β = 
1. The constant current model gives a load demand 
that changes linearly with voltage and is a 
reasonable representation of the real power demand 
of a mix of resistive and motor devices. 

 a constant impedance (Z) if the indicators α and β = 
2. In this case the load power changes 
proportionally to the voltage squared and represents 
some lighting loads well but does not model stiff 
loads at all well [1, 9, 11]. 

These three ideal situations are not encountered in 
practice, where α spans between 0.2 and 2.3 and β can 
be between 0 and 7.38 [12-13].  
 
2.3. Representation of LC dependent only on voltage 
in the form of a polynom of second degree  
 
Normally, the SLCs concern the steady states and 
describe the changes of loads at relatively small and 
very slow changes of other operational parameters. The 
next classical form of representation is more adequate 
for them in the admissible area of their steady values 
around the base point (U=U0):  
 
 P = P0 + aP(U-U0) + bP(U-U0)

2;   (4) 
 

 Q = Q0 + aQ(U-U0) + bQ(U-U0)
2,   (5) 

 
at preliminary known factors aP, aQ, bP and bQ.  
An essential difference between both representations is 
that the polynomial curve (4,5) continuation can cross 
the ordinate (at the argument U=0) in any point 
depending of the specified above factors, while the 
power functions (3) always cross it in the coordinate 
beginning (P=0 and Q=0 at U=0) and usually have 
bigger steepness (Fig 1). The load response to an abrupt 
transition and sizable voltage drop (at near short 
circuits, voltage collapses) is defined by DLC, which 
range of definition comes nearer to the coordinate 
beginning. In this case the replacement of the indicative 
form of representation with polynomial one can lead to 
expressions without a constant term (6, 7). DLC is 
identified through the determination or evaluation of the 
parameters a1, b1, a2, b2 or the indicators α, β at given 
base P0 , Q0 , U0. 
 

 P = a1·U
2 + b1·U.   (6) 
 

 Q = a2·U
2 + b2·U.   (7) 
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Fig. 1.  DLCs depending on the indicator α and their parabolic 
approximations; a SLC which is continued till the ordinate  
 
2.4. Elimination of loads set by constant impedance 
Z 

 
The indicators α, β = 2, Z = const, conductance 

Y=const. Then the complex load power demand S will 
be:  

 
 S = YU2 = YU0

2·(U/U0)
2 = (P0+ jQ0) ·(U/U0)

 2.   (8) 
 
It can be written in accordance to Kirchhoff’s current 
law in matrix form and with complex variables: 

 
 Y · U = 0.   (9) 
 
Here the constant conductivity values Yi of the loads are 
included in the diagonal matrix elements of Yii. The 
elimination of load i of the network is equivalent to the 
elimination of the unknown voltage Ui of the system 
(9). This can be reduced to a linear transformation of 
the elements of the matrix Y according to the Jordan 
elimination: 

 
 Y’km = Ykm – Yki ·Yim /Yii.    k ≠ i,   m ≠ i.   (10) 
 
It is obvious that this operation leads to a new value of 
the element Ykm only when Yki and Yim don’t equal 0, i.e. 
it effects only the nodes adjacent to node i. After the 
transformation the row and the column corresponding to 
the pivot element Yij are removed in order to obtain a 
new reduced matrix Y’. New topology corresponds to 
this matrix, where the node i and its connections are not 
present any more. In return, new equivalent connections 
emerge between all its adjacent nodes, and the total 
number of nodes is reduced by one. The values of node 
conductance of adjacent nodes change as well. 
Practically, the load of the eliminated node and the 
power losses along its connections to the network are 
distributed among the adjacent nodes. The Jordan 
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elimination can be carried out consecutively until all 
selected nodes are excluded. 
Let us note some typical features of the Jordan 
elimination that are important for the further exposition: 
 The Jordan elimination is applied on systems of 

linear equations, this is a linear operation leading to 
an equivalent system of equations (the solutions are 
identical). The equation no. i is solved for the 
voltage Ui and the obtained expression is 
substituted for Ui in all other equations. Actually 
this operation results in exchange of the unknown 
variable Ui by the constant term with index i from 
the right-hand side (9), which in this particular case 
equals 0. As a result the column no. i of the matrix 
Y turns zero and the row no. i becomes useless. 

 In contrast to the Gauss-Jordan elimination, the 
Jordan elimination refers to all elements of the 
matrix and the purpose here is not to obtain a 
solution but only to exchange elements of the 
unknown variables vector by elements of the 
constant terms vector. 

 The Jordan elimination can be applied on a separate 
fragment of the network as well, since the aim is 
not the solution, but a topological-parametric 
transformation of network branches and loads that 
are adjacent to the eliminated node. 

 The reduction of network node number, 
respectively of the dimension of its model, using 
the Jordan elimination is possible thanks to the zero 
vector of constant terms [14]. 

 
2.5. Elimination of loads, set by arbitrary LC in 
power form (α,β ≠ 2) 
 
In the cases when α or β do not equal 2 the load 
conductivity values depend on the voltage and the 
system (9) is no longer linear, thus the Jordan 
elimination is not applicable. For example, the modeling 
active load current Iact, in the node equations is: 

 
 Iact = P/U = P0·(U/U0)

α /U = (P0 /U0
α)U α - 1.   (11) 

 
Only when α=2 there is a linear relation between 
current and voltage. The same applies to the reactive 
load so the further statement will mention only the 
active power.  
We propose an alternative based on the Jordan 
elimination of nodes in the general case of nonlinear 
equations, whereas we first transform the LC into power 
function form. Indeed, approximating the LC by a 
polynomial, we obtain: 

 
 P = P0·(U/U0)

α  ≈ AU2 + BU   (12) 
 

 Iact = P/U = AU + B   (13) 
 

i.e. Iact depends linearly on the voltage. The coefficient 
“A” can be interpreted as an equivalent constant 
conductivity g0, and “B” as a constant constituent in the 
active load current Jact , which do not depend on the 
regime (Fig.2). We should note that the conductivity g0 
depends on α and is thus different from the value 

determined by α = 2.  The node equations (8) assume 
new linear form in this case: 

 
 Y · U + J = 0.   (14) 

 

 
 

Fig. 2. Substituting circuit of load P with an arbitrary LC 
approximated by a second degree polynomial g0U2+JU.  
 
Expressing the voltage Ui from equation i and its 
substitution into another equation k results in the 
following expressions:  

 
 Ui = -1/Yii (Yi1U1+Yi2U2+...+Yin+Ji)   (15) 

 
 Yk1U1+Yk2U2+...+ YkiUi+...+YknUn+Jk=   (16) 

 
= (Yk1-Yk1Yi1/Yii U1 + ... +   (Jk - YkiJi/Yii) = 0 

 
These operations can be merged through the 
augmentation of the node conductivity matrix by one 
additional column to the right, which contains the 
setting current values J. Then node i is eliminated 
through a transformation according to (10), spread in 
column J. Its new elements J’k after eliminating node i 
will be:  

 
 J’k = Jk - Ykj Ji /Yii   (17) 
 
which means, that the setting current J in the eliminated 
load is split and added to the setting currents of the 
adjacent nodes. The interval of integration [U1,U2] is 
selected depending on the expected voltage fluctuation 
at a given type of examined disturbances. The 
approximation error decreases with the interval’s 
reduction. The value of the mean square approximation 
error ε is described in [15]. 
The remaining in the scheme loads will have new 
values after the specified Jordan elimination. Now it is 
necessary to return only back to the initial form of LC. 
 
2.6. Transformation from exponential to polynomial 
form of the LC and vice versa 
 
We studied a polynomial approximation of initial power 
form (3) by the method of linear least squares (LSM) 
[16-17] using the functional:  

 

 min





















U2

U1

2α

0
0

2
0 U

U
PJUUgΦ    (18) 

 
Its minimization gives the unknown g0 and J on 
condition for partial derivatives: Φ’g0 = 0 and Φ’J = 0:  

 
 P0 = g0U

 2 + JU.   (19) 

P = g0U
2 + JU 

g0 J 

U 
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The return to indicative form of LC is carried out by 
interpolation through three points: U1=0; U2=U0; 
U3=0.5U0 (20). The third point is selected at 
U=0.5(U1+U0) because both curves always intersect in 
the vicinity of this point (Fig.1).   

 
 α =Ln(1–0,5·U 2 g0 / P0) / Ln(0,5)+1.   (20) 
  

3. Case studies 
 
3.1. Description of the initial network 
 
In order to test the quality of the reduction technique 
described above we have chosen distribution network of 
the medium voltage (Fig.3). Lines 2-3, 3-4 and 4-5 
represent lines and lines 2-6 and 6-7 are overhead lines. 
Distribution network is connected to the thermal power 
plant. The machine of thermal power plant is supplied 
with governor and automatic voltage control system, 
chosen from Eurostag’s model library [6]. 
 

 
 

Fig. 3.  An initial test scheme of distribution network 
 
3.2. Case study I. All loads are represented as 
constant impedance (α,β = 2) 
 
All loads in the scheme (Fig.3) are represented as 
constant impedance. After applied the Jordan 
elimination of nodes 4 and 5 the load of bus 3 will 
change as well as reactive loads of all other nodes will 
change due to the lines susceptance will be included in 
the load value during Jordan elimination. So a reactive 
load will appear at the node 2 with minus sign. After 
elimination of any nodes the bus voltages and their 
angles coincide or they are very close to initial ones 
during steady state computation (Table 1).  
 
Table 1. Nodal voltages and angles of steady state 

Bus  
name 

Initial scheme Eliminated nodes 4,5 

Bus voltage 
kV 

Bus degree
grad 

Bus voltage 
kV 

Bus degree 
grad 

Bus1 115.0 0.000 115.0 0.000 
Bus2 21.85 -0.0137 21.85 -0.0137 
Bus3 21.83 -0.0105 21.82 -0.0098 
Bus4 21.81 -0.0077 - - 
Bus5 21.80 -0.0056 - - 
Bus6 21.60 -0.342 21.60 -0.335 
Bus7 21.53 -0.410 21.53 -0.399 

 
Next to receive an integrated load at the high voltage 
side applies the Jordan elimination method by 
eliminating load nodes sequentially or all nodes at once 
using the Jordan elimination in the matrix form. The 
load will increase at the changeover from low to high 
voltage due to the consideration of transformer loses. 
In the Fig.4 and Fig.5 is shown the generator’s 
behaviour during transient process of the initial and 
reduced schemes in a three-phase short circuit 
represented through resistance R=0.4 p.u. and reactance 
X=4p.u. at the node no. 1. All compared curves are 
practically identical. Some discrete values of the 
compared curves are represented in the Table 2. 
 

 
 

Fig. 4. Generator’s behaviour (P, Ubas1) during short circuit in 
the bus  1. Nodes 4,5 are excluded 
 

 
Fig. 5. Generator’s behaviour (P, Ubas1) during short circuit in 
a bus  1. All nodes, except 1, are excluded 
 

Table 2. Discrete values of the curves showed in Fig. 4,5 

 Initial 
scheme 

Eliminated 
nodes 4,5 

Eliminated nodes
7,6,5,4,3,2 

Time 
sec. 

Bus1 
voltage 

kV 

Gen1 
power 
MW 

Bus1 
voltage 

kV 

Gen1 
power 
MW 

Bus1 
voltage 

kV 

Gen1 
power 
MW 

5.19 31.26 0.48 31.57 0.49 31.56 0.49 

6.05 139.85 5.53 139.35 5.49 139.36 5.50 

7.64 102.90 2.99 103.36 3.02 103.33 3.02 

9.31 120.70 4.12 120.42 4.10 120.40 4.10 
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Table 3. Change of loads and their LCs at gradual turning of the scheme (Fig.3) to obtaining a final aggregated load in bus 1

Bus 
name 

Initial scheme Eliminated nodes 7,6 Eliminated nodes 7,6,5,4 Eliminated nodes 7,6,5,4,3,2 

 α β P0 Q0 α β P0 Q0 α β P0 Q0 α β P0 Q0 

Bus1 - - - - - - 0 0 - - 0 0 0.868 1.101 3.746 1.155 

Bus2 - - - - 0.478 1.052 1.639 0.485 0.478 1.052 1.639 0.485 - - - - 

Bus3 1.096 0.956 0.8 0.34 1.096 0.921 0.8 0.325 1.267 1.137 2.102 0.670 - - - - 

Bus4 1.382 1.462 0.7 0.2 1.382 1.424 0.7 0.184 - - - - - - - - 

Bus5 1.384 1.349 0.6 0.17 1.384 1.319 0.6 0.161 - - - - - - - - 

Bus6 0.427 1.097 1.5 0.5 - - - - - - - - - - - - 

Bus7 1.537 0.847 0.12 0.024 - - - - - - - - - - - - 

 
3.3. Case study II. Loads represented as static load 
characteristics dependent on voltage 
 
Let us consider a case where the loads have LC 
dependence of voltage and are represented in power 
form accordingly to the real kind of load. An overhead 
line treads from the substation (Bus 2) to the small 
industrial factory (Bus 6), next to the small country 
(Bus 7). A cable line is out from substation (Bus 2) and 
crosses the town where at the Bus 3 is expressed mix of 
industrial load and domestic load and at the Buses 4 and 
5 primarily domestic loads (Fig. 3). The initial values of 
indicators α and β are given in Table 3. 
Eliminating any of load nodes the parameters of lines 
and eliminated load with indicators α and β will 
distribute to the nearest disposed nodes how it occurs at 
the elimination load nodes set by constant impedance 
and are recalculated according to (15, 16, 17). 
The equivalent of the integrated load (Fig. 6) and its 
load characteristic on the high voltage side is defined in 
an analytical way on the base of eliminated LC of the 
low voltage taking into consideration losses of 
eliminated brunches. These losses turn too to additional 
adequate components of the remained adjacent loads 
after the performed elimination.  The changes of the 
losses due to the changes of operational condition 
reflects on the integrated load already through exactly 
defined indicators α=0.868 and β=1.101 in this case. 
 

 
Fig. 6. A aggregated load model of electrical network from 
Fig.3 after elimination of nodes 2, 3, 4, 5, 6 and 7 
 
In the Fig. 7 and Fig. 8 are compared the transient 
processes of received reduced schemes with transient 
process of initial scheme at the 3 phase short-circuit 
represented through resistance (R=0,4p.u.) and 
reactance (X=4p.u.) at the node 1. There is a sufficient 
good coincidence again. And the some discrete values 
of the compared curves are represented in the (Table 4) 
whence it is easily visible that the maximum error is 
less than 0.8 %.  
 

 

 
Fig. 7. Generator’s behaviour (P, Ubas1) during short circuit in 
the bus  1. Nodes 5,6,7 are excluded 
 

 
 

Fig. 8. Generator’s behaviour (P, Ubas1) during short circuit in 
the bus  1. All nodes, except 1, are excluded 
 
Table 4. Discrete values of the curves showed in Fig. 7,8 

 Initial 
scheme 

Eliminated nodes 
5,6,7 

Eliminated nodes 
7,6,5,4,3,2 

time
Bus1 

voltage, 
kV 

Gen1 
power, 
MW 

Bus1 
voltage, 

kV 

Gen1 
power, 
MW 

Bus1 
voltage, 

kV 

Gen1 
power, 
MW 

5.19 97.26 3.31 97.32 3.32 97.13 3.33 

6.16 121.05 3.94 121.03 3.94 121.08 3.92 

7.82 111.43 3.64 111.38 3.64 111.29 3.64 

9.32 117.28 3.82 117.24 3.82 117.32 3.81 
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4. Conclusions 

 
Reducing the dimension of the computational model of 
power system has become an important issue. Owing to 
the new analytical aggregate technique described above 
it is possible to get an equivalent of integrated load on 
the high voltage side and its SLC dependent on voltage. 
Thereupon our research has shown that:  
 New numerical technique for aggregation of nodes 

with nonlinear dependent on voltage loads is 
offered.   

 The received aggregate load model with its 
evaluated load characteristics has full similarity to 
the initial scheme at the analysis of steady state 
and transient processes.  The aggregate load 
includes also respective electrical grid losses 
depending on the regime. 

 The proposed technique for load aggregation uses 
only simple enough linear operations, which can 
be very easily formalized and programmed in 
matrix form.  

 The obtained numeric and graphical results prove 
high accuracy of characteristic’s transformation 
during the aggregation. The parameter’s 
oscillations of the modeling generator are 
completely identical on the initial and aggregated 
schemes at three phase short circuits. 
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Abstract: Theoretically grounded approach to rational 
formation of urban power supply system (UPSS) is 
proposed in the paper. The uniform principle of 
modeling networks of different voltage, based on the 
hierarchical structure of system, the formation of 
transformer substations’ service areas and substations’ 
distribution in the territory of the city is created. The 
uniform approach promotes to rational construction of 
system in solving problems of development in 
conditions of incompleteness and uncertainty of 
information. The calculation program Microsoft EXCEL 
and the graphic program AutoCad are used for method’s 
realization. 

 
Keywords: urban power supply system, load density, 
voltage level, transformer substation. 

 
1. Introduction 

 
The main tasks of UPSS are providing the required 
quantity and quality of electricity to consumers, the 
high reliability of power supply and the possibility of 
further network’s development without radical 
reconstruction of existing networks. 
Despite the fact that UPSS are objects of continuous 
development, it is necessary to solve tasks of long term 
and middle term design for progress strategy’s and its 
realization’s measures’ choice. 
To solve the problems of development on such a 
prospect is not accurate background information and 
detailed guidelines projected subjects. It means that 
challenges of development occur in conditions of 
incomplete and uncertain information.  
To perform the main task and ensure normal 
functioning, the UPSS of the city and its subsystems 
must have a rational construction of networks’ power 
supplies. The important role in the rational construction 
of separate subsystems has the correct placement of 
high-voltage TS in the territory of the city as power 
supply sources for networks of different voltage [1, 4]. 
Working out of scientifically well-founded approach to 

a choice of urban TS powers and places for new 
substations is necessary. 

 
2. System approach to the formation of UPSS 

 
The UPSS has a hierarchical structure of network’s 
voltages and formation. Every UPSS is formed 
historically with a certain hierarchy of voltages. The 
hierarchical structures of voltages and formation of the 
UPSS are presented schematically in Fig.1 for largest 
Latvian cities [2, 4]. 
 

 
 

Fig. 1. UPPS hierarchy of voltage levels and load densities  
 
This system is stages of hierarchical structure or 
subsystems: the external supply system of the city with 
voltage 330 kV and higher, the internal supply system 
with voltages 110-20-10-0.4 kV and the aggregate of 
urban consumers.  
The formation of UPPS all subsystems must comply 
with uniform principles of system approach [3]. Then it 
will ensure the rational development of individual 
subsystems and the system as a whole. 
As uniform approach for service areas’ formation of TS 
different voltage is used its’ geometrical modeling. To 
realize the approach geometrical models are offered the 
geometrical models – templates in the hexagons’ form. 
The ideal model of networks’ feeding centers’ service 
areas for different voltages, when is new power supply 
system’s construction, is presented in Fig. 2. 
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Fig. 2.  The ideal model of service areas for TS of different 
voltage levels 
 
TS service areas ПTS,ij depends on its’ power and load 
density in service area. The load density is very 
important indicator for definition of network’s 
parameters.   
The offered geometrical templates in the correct 
hexagon’s form are used for division of city territory or 
its separate districts into service areas of TS any 
voltage. Templates’ sizes for different voltages’ TS 
submit to strict mathematical correlations and are 
notable for value for load densities’ different levels [5, 
6]. 

ij

irSiin

ijRijTS 
 ,26.2,


      ;                     (1) 

ij

irSiin
ijijR TS 

 ,62.0,62.0


 ;            (2) 

ij

irSiin
ijijA TS 

 ,1.1,1.1


  ;                (3) 

10  jjij k  ,               (4) 

where ijTS , is service area of TS, km2; 

ijR  is the radius of TS service area (also the side 

of a hexagon and the radius of the circle described 
around the hexagon), km; 

in  is the number of transformers in substation; 

i  is the load factor of the transformer in the i-th 

substation; 

i,rS  is the rated power of transformers in the i-th 

substation, MVA; 

ijA is the theoretically minimum distance between 

the neighboring substations, km; 

jk0 is the factor of TS maximum load’s 

simultaneity at j voltage level in the maximum of 
power system, depending on the TS number in 
network of j voltage level;     
σij is load density in TS service area at voltage 
level j, MVA/km2.     

If TS optimum powers for different load densities are 
determined, then in accordance with (1-4) the optimum 

sizes of templates will be calculated. For existing ТS 
with established powers the service area’s and its’ 
radiuses are defined and they can be not optimum, but 
actual for the given density of load. 
The obtained correlations enable to calculate the TS 
service areas’ radiuses and service areas. Dependences 
give the chance to compare a range of change of 
radiuses of service ТS of different voltage. For instance, 
in Fig. 3-5 dependences of admissible service areas’ 
radiuses from load density for TS are resulted using the 
accepted transformer load factor β=0.5.  
 

 
 
Fig. 3. Admissible TS service area’s radius Ri from load 
density σ3 for 330/110 kV two-transformer substations with 
transformer load factor β=0.5 
 

 
 

Fig. 4. Admissible TS service area’s radius Ri from load 
density σ2 for 110/10-20 kV two-transformer substations with 
transformer load factor β=0.5       
 

 
 

Fig. 5. Admissible TS service area’s radius Ri from load 
density σ1 for 10-20/0.4 kV two-transformer substations with 
transformer load factor β=0.5 
         
In Fig. 6-8 dependences of admissible service areas 
from load density for TS are resulted with the accepted 
transformer load factor β=0.5. 
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Fig. 6. Admissible TS service area ПTS,ij , km2, from load 
density σ3, MVA/km2, for 330/110kV two-transformer 
substations with transformer load factor β=0.5 in polar 
coordinates 
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Fig. 7. Admissible TS service area ПTS,ij , km2, from load 
density σ2, MVA/km2, for 110/10-20kV two-transformer 
substations at transformer load factor β=0.5 in polar 
coordinates  
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Fig. 8. Admissible TS service area ПTS,ij , km2, from load 
density σ1, kVA/km2, for 10-20/0.4kV two-transformer 
substations at transformer load factor β=0.5 in polar 
coordinates  
 
If new consumers appear in TS service areas, then it 
cause TS load’s and load density’s increasing in these 
TS service areas. There are some possible methods for 
TS additional electrical load’s compensation. 
1. Transformer load factor’s forced increasing. 

TS load increasing, due to new consumers, causes 
transformer load factor’s forced increasing. This 
prolongs till load factor’s limited values. If TS electrical 
load’s growth is proportional to load density’s growth, 
then TS service area is constant and is saved in the same 
boundaries: 
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2. Transformer’s change to greater rated power in one 
or in several TS. 
TS electrical load’s increasing is possible to compensate 
with additional transformer power, if change 
transformers to greater rated power in one or in several 
TS. 
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3. Transformers’ number’s increase. 
TS electrical load’s increasing is possible to compensate 
with transformers’ number’s growth in one or in several 
TS. 
 

const
ijij

irSiinin

ijij

ijTSSijTSS

ijTS



















,)(

,,
,

        (7) 

 
4. New TS building. 
 If all methods of additional electrical load’s covering 
are used, however, it can’t be compensated, then it is 
necessary to increase quantity of substations, i.e. 
building of one or several new substations New TS 
afresh divide neighboring TS loads. If city covered area 
doesn’t change, then its territory is: 
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According to the accepted geometrical model (Fig. 2) 
the service areas of future TS in the hexagon’s form 
are replaced in the Masterplan of city (dashed 
hexagons in Fig. 9). The service areas of the existing 
substations are replaced by equivalent of service areas 
in the hexagon’s form (continuous lines in Fig. 9). It is 
necessary was to execute because real service areas are 
unequal complex geometries even for TS service areas 
with the same load density. Such complex geometric 
shapes are not amenable to analyze changing of service 
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areas with load density’s increasing or decreasing. It 
leads to a lack of uniform approach to the network’s 
formation and complicates the analysis of TS service 
areas’ change with load growth. 
When the load density varies, TS service areas and 
radiuses also automatically change. For example, if 
load density increases, the service area shrinks (Fig. 6-
8) In consequence of this service area for future TS 
appears. Therefore, load redistribution should be 
carried between the existing and perspective 
substations. For automation of calculations and placing 
of templates in the Masterplan of city (Fig. 9) the 
computer program Microsoft EXCEL and graphical 
program AutoCad are used [6].   
 

 
 

Fig. 9. Existing and possible new TS location in the 
Masterplan of city considering a task of middle-term planning 
of the city’s development  
 
The offered method is approved for location of new 
possible TS and subsequent connection to existing 
110kV network in perspective power supply scheme of 
Riga (capital of Latvia) till 2020. 
  

3. Conclusions 
 

1. The scientifically well-founded approach to the 
formation of TS urban power supply system in 
solving of development problems is offered. 

2. The geometrical modeling of transformer 
substations` service areas in view of correct 
hexagons is fulfilled for TS of different voltage. 

3. The templates for placement of TS by any voltages 
in the city territory are developed and theoretical 

expressions for templates’ sizes for 110/10 kV TS 
are created. 

4. TS service area’s common approach makes it 
possible to solve network’s development task on 
early project stage: to define power’s TS service 
areas and soundly it divide in covered area of city. 

5. The computer programs Microsoft EXCEL and 
AutoCad to automate the process of calculations 
and arranging the service area at the Masterplan of 
the city are used. 

6. The offered method is approved to development of 
110kV scheme of Riga on perspective till 2020. 

7. If new information appears in development’s 
calculation period, then it is possible to correct TS 
service area and its’ division in the plan of city. 
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Abstract: This paper deals with the result of 
experimental investigation of the heat transfer 
intensification in the electrode system “a set of wire 
electrodes parallel to plate’ the plate being cooled by an 
electric wind of the direct current corona discharge. 
Corona field increases the rate of cooled plate 
temperature decrease by 2.1 times in comparison with 
free convection conditions. 
 
Keywords: direct current corona discharge, velocity of 
the electric wind, rate of temperature decrease. 

 
1. Introduction 

 
Most of theoretical and experimental research works in 
the area of application of corona fields are devoted to 
particle technologies, such as electrostatic precipitation, 
copying technologies, particle spraying, charge transfer 
etc [1]. An increasing attention to electrostatic processes 
in continuous mediums can be observed during the last 
decades [2]. Heat and mass exchange processes 
subjected by electric wind of corona field are the most 
interesting and perspective. We present there some 
experimental investigation results of an influence of 
direct current corona field to the rate of cooled plane 
electrode temperature decrease. 
 

2. Current-voltage characteristic 
 
Before the investigation of heat transfer enhancement 
the current-voltage characteristic of the electrode 
system must be determined. Values of linear density of 
discharge current corresponding to given values of 
voltage can be find from equation [3] 
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Onset voltage of the discharge [4]: 
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Meanings of dimensions d, h and r0 can be seen in Fig. 1. 

 
Fig. 1. Scheme of the electrode system 
 
Initial field strength E0 can be calculated from empirical 
Peek's formula [1]. 
Computed and experimental current-voltage characteristics 
of direct current negative corona discharge in the electrode 
system “a set of wires parallel to the plate” are presented in 
Fig. 2 (dashed line is the computed curve, continuous line 
is an experimental one) for r0  0,05 mm, d  15 mm, h  
12 mm. Similar characteristics of positive corona discharge 
are shown in Fig. 3. Values of positive discharge current 
are less than values of negative discharge due to less values 
of positive ion mobility. 
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Fig. 2. Current-voltage characteristic of negative corona: 
---- - computed, — experimental 

 
3. Influence on temperature decrease of cooled plate 
 
Plane electrode of the system shown in Fig. 1 is 
represented by the copper plate with dimensions 
15415410 mm and of weight 2120 g. Initial 
temperature of the plate is 120 ºC, ambient temperature 
is 18 ºC. Plate is being cooled by electric wind of 
corona discharge. Maximum velocities of electric wind 
in the electrode system with wire electrodes can exceed 
2,5-3,0 m/s, and the values of the electric wind 
velocities in the spike-to-plane electrode system are in 
the range 3,5-5,0 m/s [4]. Plane electrode temperature 
decrease curves are given in Fig. 4, Fig. 5 and Fig 6, for 
lower, upper horizontal position and vertical position of 
wire electrodes, accordingly. Overall length of emitting 
wires is 2,15 m, discharge current is 200 A, it 
corresponds to 7,7 kV of negative discharge voltage, 
and 8,2 kV for positive discharge. Power of positive 
and negative corona field devices is 1,54 W and 1,64 
W, accordingly. Dotted line is a temperature decrease 
curve at free convection conditions, dashed line is 
temperature decrease time dependence with negative 
corona field action, and the continuous line is the curve 
of temperature decrease influenced by positive corona 
field. It can be seen from Fig. 4 – Fig. 6 that the 
influence of positive and negative corona field on the 
rate of temperature decrease is almost the same. 
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Fig. 3. Current-voltage characteristic of positive corona: 
---- - computed, — -  experimental 
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Fig. 4. Temperature decrease curves for lower position of the 
grid:  ··· - free convection, ---- - negative corona, — - positive 
corona 
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Fig. 5. Temperature decrease curves for upper position of the 
grid:  ···- free convection, ---- - negative corona, —- positive 
corona 
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Fig. 6. Temperature decrease curves for vertical position of 
the system:  ···- free convection, ---- - negative corona, —- 
positive corona 
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Temperature decrease time constant is 27 min for free 
convection conditions. Time constant of the cooling 
process influenced by corona field for lower position of 
the wire grid is 16 min, the time constant reduction is 
1,7 times. Temperature decrease time constant with 
upper position of the wire grid is 14 min, it corresponds 
to time constant reduction by 1,9 times. The maximum 
influence of corona field on the rate of temperature 
decrease is for the vertical position of the electrode 
system: temperature decrease time constant for these 
conditions is 13 min, the reduction of time constant in 
comparison with the one at free convection conditions 
is 2,1 times. 
Energy effectiveness values of heat transfer 
enhancement by corona field calculated from data given 
in Fig. 4 – Fig. 6 are presented in Tab.1. It can be seen 
from data of Tab. 1, that maximum effectiveness of 
corona field using to intensify the heat exchange is 
determined for vertical position of plane electrode and 
the wire grid: action of 1 W corona device causes the 
heat flux increment by 21,1 W. 

 
Table 1. Energy effectiveness of corona field action 
 

condition heat flux heat flux 
increment 

energy 
effective. 

 , W  -fc, 
W 

/Pcor 

free conv. 32,3 – – 
lower p. 58,7 26,4 16,5 
upper. P. 65,2 32,9 20,6 

vertical. P. 66,1 33,8 21,1 
 

4. Ionic and electromechanical ventilators 
 

Ionic ventilator (Fig. 7) generating the small air flux is 
more effective in comparison with usual 
electromechanical one (Fig.8) of the same or similar 
capacity. Radius or cylindrical surface of ionic 
ventilator is 10 mm, length of this surface is 5 mm. 
Current –voltage characteristic of the needle-cylinder  
 

 
 

Fig. 7. The view of ionic ventilator with needle electrode 
 

 
 

Fig. 8. The view of 1 W electromechanical ventilator 
 
electrode system is given in Fig. 9. Smaller current 
values of positive corona are determined by smaller 
positive ion mobility. 
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Fig. 9. Current-voltage characteristic of ionic ventilator: 
---- - negative corona, —- positive corona 
 

Air velocity distribution of ionic ventilator is presented in 
Fig. 10. The distance of the measurement point from the 
axis of symmetry is denoted by r. Both characteristics are 
measured for discharge voltage U  10 kV. Negative 
corona current is 90 A, the power is 0,9 W. 
Corresponding quantities for positive corona are the 
following: I  32 A, P  0,32 W. Maximum air velocity 
on the symmetry axis is 1,8 m/s for negative corona, and 
1,2 m/s for positive one. Values of air velocity are 
measured by hot-wire anemometer DO 9847K at the probe 
distance from the face plane of the device equal to 12 mm. 
Total air flux for negative corona calculated from data 
given in Fig. 10 is 0,687·10-3 m3/s. 
 

U, kV 

I0, µA 
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Fig. 10. Velocity distribution of ionic ventilator: 
---- - negative corona, —- positive corona 

 
Air velocity distribution curves for electromechanical 1 
W ventilator at the distances of the anemometer probe 
from the face plane of the ventilator equal to 12 and 24 
mm is given in Fig. 11. Hole of the curves near the axis 
of symmetry is determined by the shadow of the shaft. 
Total air flux of the ventilator is 4,851·10-3 m3/s. The 
ratio of electromechanical and ionic ventilator fluxes is 
8. Given construction of ionic ventilator is far from 
optimum because of maximum value of electric wind 
velocity in electrode system with needle emitting 
electrodes is 4-5 m/s. Improvement of efficiency of 
ionic ventilator is the task of optimization of needle - 
cylindrical electrode system construction. Main 
advantage of ionic ventilators is an absence of moving 
parts. Relevance of ionic ventilator usage is determined 
by the fact that the essential enhancement of heat 
exchange rate can be achieved by comparatively small 
values of air flow velocities. 
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Fig. 11. Velocity distribution of electromechanical 1 W 
ventilator: — - h  12 mm. ---- - h  24 mm 

5. Conclusions 
 

Results of experimental research of an influence of the 
direct current corona discharge electric field to the rate 
of temperature decrease of cooled copper plate are 
discussed. Maximum cooling effect is determined for 
vertical position of cooled plane electrode and wire 
grid. Temperature decrease time constant of cooled 
plate subjected by corona field is 13 min in comparison 
with the time constant equal to 27 min for free 
convection conditions whereas the power of corona 
field device is only 1,5 W. Efficiencies of 1 W 
electromechanical and ionic ventilators are compared. 
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Abstract: Electromagnetic fluid flow meters operate 
under conditions of the non-stop measurement. The 
electric properties of the meter sensor channel can vary 
because an action of the temperature and fluid chemical 
and physical features. The mean causes of the variation 
are the conductive sediments on the channel walls, non-
conductive sediments on the electrodes and diminution 
of the electrode insulation resistance. The formation of 
the conductive sediments on the channel walls can be 
monitored by the passing of the electric current via the 
active zone of the channel and the measuring of the 
created magnetic field. The electrode resistance can be 
monitored connecting to the sensor electrodes the 
source of the pulse voltage via the stable resistance. 
 
Keywords: Electromagnetic flow meter, virtual current, 
conductive and non-conductive sediments.  
 

1. Introduction 
 
Electromagnetic fluid flow meters EMFM are used for 
measurement of a fluid flow or heat carrying by this 
fluid. They operate non-stop usually. For example the 
heat meters work non-stop 6-7 moons. The temperature 
and any admixtures act to channel inner walls and to 
electrodes throughout. The sediments arise on the 
EMFM sensor inner wall and electrodes. All these 
factors can vary the electric properties of channel and 
evoke the complementary measurement errors. The 
meter sediments are dangerous especially because they 
vary the transfer coefficient irreversibly. It is 
importantly to monitor some parameters of EMFM 
sensor without measurement interruption. In the [1] it is 
discussed monitoring of the magnetic properties of 
EMFM sensor. The monitoring of the electric properties 
is important, too. 
 

2. The reasoning of the electromagnetic flow meter 
electrode signal expression  

 
The cause of the electrode signal origin is the fluid (as 
conductive body) movement traversing magnetic field 
lines. It is formed in sensor active zone. The sensor 

active zone is the fluid volume, in which the magnetic 
field is acted. This volume is not defined precisely. The 
mean contribution into electrode signal gives the 
magnetic flux density component B┴, which is 
perpendicular to line, connecting the electrodes and to 
the sensor axis. Dependently on the EMFM metrological 
properties we can suppose that the active zone is 
composed of all sensor points in which B┴ ≥ (0,01 –
 0,005) B┴max. 
Bevir relates the channel electric properties with virtual 
current in his notable paper [2]. He introduces this 
parameter nominally, as current density in the active 
zone with moveless fluid when current source with 
I0  1A is connected to EMFM sensor electrodes. 
We can relate virtual current with real physical 
processes acting inside the sensor. When the fluid flows 
with velocity v inside EMFM sensor and it intersects the 
lines of the magnetic field with magnetic flux density B, 
the electric field EF arises. By Faraday‘s 
electromagnetic induction law the electric field strength 
can be expressed this way:: 
 

[ ]F  E v B       (1) 

 

Because the raison of this field is mechanical fluid 
movement we have the voltage source. Electric field 
strength FE  characterize the extrinsical field, which 

separates the electric charges inside the fluid. These 
induced charges creates the electric field, with strength 
Ei. The both fields, FE  and Ei, create the electric 

current inside conductive fluid correspondingly with 
Ohm’s law – the direction of current density in any point 
coincides with electric field direction in coordinate 
system, which moves with fluid. The density j(l) of the 
current induced in the fluid moving across the magnetic 
field is:  

 

]}[{)( BvEj  i
l  .      (2) 

 

The virtual current density j in moveless fluid created by 
the current source I0  1A in any point of sensor channel 
is: 
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Vgradj ,       (3) 
 

where V is potential of electric field E, created by 
current source I0.  
We note S1 and S2 the areas of the first and second 
electrodes, correspondingly. We limit the channel active 
zone by perpendicular to channel axis planes which are 
sufficiently moved away of electrodes, one upstream and 
other downstream. The areas of these planes we note as 
Sp and Sa. The distances at electrodes are such, that B0. 
Therefore j(l)  0, too, and virtual current density created 
by source I0 j  0. The total volume limited by channel 
walls area Ss, electrodes surfaces S1 and S2 and planes Sp 
and Sa is equal . It presents the EMFM sensor active 
zone. 
We introduce nominally the vector a, which acts in the 
volume τ: 

 
(l)jja VVi  ,      (4) 

 

where Vi is potential of any active zone point, created in 
the fluid moving across magnetic field, and V is the 
potential of the same point, created in the moveless fluid 
by current source I0. Accordingly with the Gauss’ 
theorem  
 







ddivaSa
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d ,     (5) 

where S  S1  S2  Ss  Sp  Sa is the area of the surface, 
which limits active zone.  
Let analyze the left side of equality (5). The inner walls 
of the channel are made of the insulator. The induced 
current with density j(l) and created by current source I0 
current with the density j is not passed across the areas 
Sp ir Sa, too. Therefore, the currents with the densities j 
and j(l) can flow across the electrodes surfaces S1 and S2, 
only. The left side of the equality (5) can be expressed: 
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The sensor electrodes are connected to the processor 
measurement unit with very large input resistance. 
Therefore the induced by fluid flow current is not passed 
across the electrodes:  
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Vice versus the all current created by the source I0  1A 
passes at one electrode to other: 
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Evaluating (7) and (8) we obtain: 
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The potentials Vi and V are the scalar coordinate 
functions, the current densities j and j(l) are the vector 
coordinate functions. Differentiating (4) and evaluating 

the current continuity property divj  divj(l)  0, we 
obtain: 
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In common case the fluid electric conductivity σ(x,y,z) 
can be anisotropic. In this case the current density 
vectors can have different directions than vectors 
presented in the right side of the (2) and (3) expressions. 
This vector turning can be expressed by quadratic 3x3 
matrix []. The common element ik of this matrix 
shows the fluid conductivity for current density i 
coordinate when electric field acts along k coordinate. 
Equation (2) can be written in matrix form: 

 

]}.[]]{[[][ )(
Fi

l EEj        (11) 

 
Expressing virtual current density j by Ohm’s low in 
matrix form ]][[][ Ej  , too, and evaluating relation 

EVgrad  the equation (10) can be expressed as 

follows: 
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Matrix [] is symmetric, therefore []  []T, 
[Ei]

T[][E]  [E]T[]T[Ei]  [E]T[][Ei] and final 
expression of equation (10) will be: 

 

]][[][div F
T EEa  .    (13) 

 

Using equality [E]T[]  {[]T[E]}T  {[][E]}T we 
obtain: 

 

].[][div F
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Evaluating (1), (9) and (14) we can write: 
 

  
 

 dddVVU iie vWjBvBvj ])[(])[(21
,(15) 

 

where jBW   - weighting vector.  

The expression (15) of the electromagnetic flow meter 
electrode signal is one of fundamental results of 
electromagnetic flow meter theory. Following the 
presented derivation of expression (15) we can do some 
important conclusions. Only induced by fluid flowing 
across magnetic field electric current with the density j(l) 
acts in the real EMFM sensor. The regularities of this 
current density depend on the boundary conditions, i.e., 
on the channel and electrodes shape and on the fluid 
conductivity homogeneity. But when the electric 
properties of the channel vary the distribution of the 
virtual current density j will be varied analogically to 
the induced current density. Agreeably with the 
expression (15) virtual current density j characters fully 
the electric channel properties. The virtual current 
distribution we can obtain independently on the 
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electrode signal formation circuit, if we connect to the 
sensor electrodes a stable current source. 
When the channel walls become conductive because the 
conductive sediments, some part of the induced current 
will flow in the sediments. This part do not assist in 
electrode signal formation and the electrode signal 
diminishes. The complementary measurement error 
appears. This error can be evaluated when the virtual 
current is created. Some part of the virtual current equal 
to In will flow in the sediments. Agreeably with the 
definition the virtual current is created by the source 
I0 = 1A. Therefore the complementary measurement 
error can be expressed as follows: 

 

n
n

n I
I

I


0

 .      (16) 

 
3. The monitoring of the conductive sediments 

 

The merest way to monitor the conductive sediments on 
the inner channel walls is connection to the electrodes 
the current source. When some part of this current flows 
along the sediments, i.e., along the inner surface of the 
sensor wall, the magnetic field near the outer surface of 
sensor arises. This variation can be fixed by 
measurement coil. In Fig. 1 the structural schema of the 
conductive sediments monitoring is showed. The 
monitoring is performed by the measurement coil MC, 
when the source of the control current I0 is connected to 
the electrodes by a switch S. The coil MC is mounted on 
the outer wall of the sensor between the magnetic field 
excitation coils. The MC axis is parallel to the channel 
axis. 

 The control current source I0 can be connected to the 
electrodes when magnetic field excitation current is 
absent. In the Fig. 2 the equivalent electric circuit for the 
control current I0 components is showed. The current I0 
divides into three currents directed along three parallel 
branches. 
The current Ik passes via the sensor fluid. The current Is 
passes via the capacities between the one of the electrodes 
and the channel walls Cek1 and Cek2 and via the metallic 
part of the channel wall. The current In passes via the 
conductive sediments on the channel walls if they are 
formed. The voltage which appears in the measurement 
coil is proportional to the magnetic field variation 
frequency. In turn this frequency is equal to it exciting 
control current frequency. Therefore the monitoring 
sensitivity is proportional to control current frequency. 
But when this frequency increases the total capacitive 
resistance xC = 1/ωCek1 + 1/ωCek2 proportionally decrease 

in the branch with current Is. The active resistance Rk is 
very little in this branch and its total resistance is equal to 
xC practically. The capacitances Cek1 and Cek2 are not 
stable pressure, on vibration and oth. Therefore, when 
current Is exceeds (3 – 4)% of the I0 value, the non-
stability of current Is prevents to fix accurately the 
moment when the current In rises. 

  

The experimental investigation shows that in the EMFM 
sensor with inner diameter D = 50 mm the resistance 
between the electrodes of the clean sensor is equal 
Rk ≈ 20kΩ for the direct current. The mean value of the 
capacitance between one of the electrodes and channel 
wall is equal to Cek ≈ 12 pF. Supposing that we can set 
surely the rise of the current in the sediments when 
Is ≤ 0,03 I0, i.e. Rk/xC ≤ 0,03, we obtain such value of the 
maximal frequency, for which this condition is correct: 

kHz40
π

03,0
max 

ekkCR
f .  

Correspondingly with this condition the control current 
I0 was supplied of the 40 kHz generator. For the 
attenuation of the extraneous disturbances the selective 
filter SF with narrow frequency band is connected to the 
amplitude detector AD, which output is connected to the 
EMFM processor P. The coil MC signal measurement 
circuit is showed in the Fig. 3.  

 

This circuit was investigated experimentally. The quality 
of the selective filter was obtained Q  f/f  34 (where 
f is frequency band of the filter). When the sinusoidal 
current with frequency 40 kHz and amplitude equal to 
I0 = 0,3 A flowed via the electrodes in clean EMFM 
sensor channel the signal equal UAD  42,2 mV was 
obtained in coil AD output. Next the compact sediments 
layer was imitated between electrodes. All current I0 
passed via the sediments. The signal equal to UAD  440 
mV was obtained in the coil AD output. Therefore we 
obtain the signal variation ΔUAD ≈ 400 mV between the 
clean and fully contaminated sensor. We can suppose 
that when the part of the control current I0 equal 1 will 
flow via the sediments, it evokes the signal of the 
measurement coil equal to Un ≈ 4 mV. This variation 
makes ≈ 10 of coil signal in the case of the clean 
sensor. Such variation will be fixed surely. Therefore the 
proposed structural schema can be used for reliable 
fixation of conductive sediments formation.  

Fig. 1. The structure of the conductive sediments monitoring 
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Fig.2. The circuit of the control current I0 distribution
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Fig. 3. The coil MC signal measurement circuit
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4. The errors because the electrode resistance 
variation 

 
The conductive sediments on the channel wall vary the 
electrode signal formation conditions. The sediments on 
the electrodes or the variation of the electrodes insulation 
resistance can evoke the electrode signal reading error. 
The electrode signal is formed in the both electrodes: 
Ue = Ve1 –Ve2. The equivalent circuit of the electrode 
potential reading is showed in the Fig. 4. In this circuit 
Re01(2) is the electrode insulation resistance of the 1 or 2 
electrode, correspondingly, Rk is the resistance via the 
fluid between the 1 and 2 electrodes, ΔRe is the 
resistance of insulation sediments on the electrode, Rin is 
the input resistance of the processor measurement input. 

 
 

The output voltage Uout1(2) of this circuit is: 
 

)2(1
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 (17) 

 
In the normal conditions ΔRe ≈ 0, Re1(2) ≈ Rk << Rin. But 
after some working time the resistance ΔRe can vary 
arise and resistance Re1(2) can very diminish. 
  

5. The monitoring of the electrode resistance 
 
The circuit showed in the Fig. 5 is used for the electrode 
resistance monitoring. The pulses with amplitude U0 are 
used for this circuit excitation. 

 
The resistance monitoring circuit RMC is composed of 
the testing resistance RT and two switches S1 and S2. 
The output signal of RMC is connected to the processor 
measurement unit. When the switches S1 and S2 are in 
the position a the transfer coefficient of the RMC is: 
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Uouta is the output voltage of RMC when the switches S1 
and S2 are in the position a. 
When the switches S1 and S2 are in the position b the 
transfer coefficient Kb is: 
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where Uoutb is RMC output voltage in this case. When 
the electrodes are clean and insulation resistances are not 
diminished this approximate equality is correct 
Re1(2) ≈ Rk. The values Rk and Re1(2) depends on many 
factors: a shape of the sensor and electrodes, physical 
and chemical fluid properties and other, but they have 
the rate of the tens k. The value of resistance RT is 
10 k. When the electrode resistance is normal the value 
of Ka is in the interval [0,25; 0,75], usually, the value of 
Kb is less about two times.  
If the surface of one or both electrodes is contaminated 
by nonconductive sediments the resistance Rk increases 
largely. This increase can evoke the complementary 
error if the resistance Rk arises ten or more times. In this 
case the value of Kb will be Kb < 0,05. Such decrease of 
coefficient Kb will happen gradually, therefore the 
chosen method of monitoring is reliable.  
When the insulation resistance of the one electrode 
decreases inadmissibly the values of both coefficients 
Ka and Kb decrease, too. When the value Re1 decreases 
both coefficients decrease proportionally. When the 
value Re2 decreases the coefficient Kb decreases more 
than coefficient Ka. Therefore after the voltage Uout1(2) 
measurement in both positions of the switches S1 and 
S2 we can explain the resistance of which electrode 
decreases. If the electrodes are contaminated by 
nonconductive sediments the coefficient Ka differently 
than coefficient Kb will increase. 

 

6. Conclusions 
 

1. The electric properties of the electromagnetic flow 
meter sensor can vary because the conductive sediments 
on the channel wall, non-conductive sediments on the 
electrodes and the electrode insulation resistance 
diminution. 
2. The conductive sediments on the sensor channel wall 
can be monitored, passing current via the channel active 
zone and measuring magnetic flux density near sensor. 
3. The electrode resistance can be monitored connecting 
to the electrodes voltage source via the stable resistance. 
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Abstract: The six pole inductor with magnetic 
impurities in active zone is investigated. The finite 
element method is used to solve magnetostatic 2-D 
problem. The symmetrical three-phase alternating 
current system is simulated to create rotational magnetic 
field.  The influence of magnetic impurities to the 
magnetic flux density mean value and dispersion is 
investigated in the inductor active zone. The magnetic 
particles magnetic permeability influence to magnetic 
flux density is investigated. The active zone mean 
magnetic flux density value and dispersion are 
calculated for each time moment. The simulation results 
could describe the magnetic impurities behavior in the 
inductor active zone, also as allow choose the 
appropriate particles. 

 
Keywords: rotation magnetic field, magnetic flux 
density, inductor. 

 
1. Introduction 

 

The use of the rotating magnetic field for technological 
purposes enlarges in the latter years. There is very wide 
area: sewage treatment, oilfield chemistry, the crushing 
of different materials, pharmacological industry, food 
industry, production of cosmetic, chemical industry and 
other. We name the processing of different materials by 
rotating magnetic field as process activating and the 
area in which the process activating performs as active 
zone. 
The electric machine stator is used usually for magnetic 
field creation in the process activating unit. It is not 
optimal solution with respect to the power consumption 
and the request to the field distribution.  
The requests to the rotating magnetic field inductor are 
different in the process activating units used for 
different purposes. But there are some properties of 
technological rotating magnetic field common for all 
inductors: 

1. The active zone is created in the tube with 
diameter not less than D  50 - 100 mm, usually. 
Therefore the air gap is very big. 

2. The magnetic flux density equal to 0.1 – 0.2 T 
must be created in this air gap. The considerable power 
for such magnetic field excitation is needed and solely 
the three-phase inductors are used. 
The some concentration of ferromagnetic materials is 
used frequently in the active zone. It is named as vortex 
layer because there is proceeded intensive movement of 
the magnetic particles [4, 5] in different directions. 
The mean magnetic flux density and mean magnetic 
flux values should be investigated inside inductor in 
case of ferromagnetic materials are used in active zone.  
The additional magnetic particles in the inductor active 
zone could grind or mill materials.  
However, uniform distributed magnetic field in the 
inductor active zone [1, 2, 3] would be distorted due to 
magnetic particles. The task is to investigate the 
magnetic particles influence on distribution of magnetic 
field energy and magnetic flux in the active zone.   

 
2. Mathematical background 

 

The aim of this paper is numerical simulation of salient-
pole inductor fig. 1. Computation area is two-
dimensional. Coils U, V and W are excited by 
symmetrical three-phase current system:  
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 (1) 

 

here iψ  is current initial phase, Im is current magnitude. 

Pairs of poles are shifted on a circle of an inductor by 
120º. Stroke-through area of magnetic circuit cross 
section in fig. 1 represents the electric steel of magnetic 
circuit.  
Numerical simulation of two-dimensional magnetic 
field of an inductor is performed. Governing equation 
of the field is the following: 
 

 ;zz)1
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1
0( eeA J   (2) 
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here A – the vector magnetic potential; J – external 
current density z component; 0  is permeability of 

vacuum; r  is magnetic permeability. 

12

 

Fig. 1. View of inductor cross section 
 
Current density in each coil of the pole (Fig. 1) is 
linearly dependent on the current i: 
 

 ;
cS

Ni
J


  (3) 

 

here N – number of turns in the unit area of cross 
section of the coil, Sc – an area of cross section of the 
coil.  
The coil fill factor is not evaluated in the article. 
Substituting values of phase currents from equation (1) 
into (3) values of current density may be determined for 
each instant of time. 
The rotational magnetic field is computed using (2). 
The calculations of three different cases are performed: 
one particle in the active zone; two particles in the 
active zone; three particles in the active zone. The 
equations (4-5) are used to calculate magnetic energy 
and magnetic flux. 
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AStBt dm ; (5) 

 

here  tB  and  tH - the active zone magnetic flux 

density and magnet field for each time moment; S - 
cross section of active zone; SA – cross section of the 
cylinder, surrounding the active zone. 
The stator induced magnetic field varies in time. The 
magnetic particles influence on magnetic flux and 
magnetic field energy in active zone are evaluated as 
the mean value of time average. The magnetic energy 

m


W  is evaluated using (6) and the mean value of 

integral of magnetic flux density m


  is evaluated using 

eq. (7). 
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The dissipation of time average magnetic energy and 
magnetic flux in active zone is described by magnetic 

energy   tWS m
2  and magnetic flux   tS m

2   

dispersion: 
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Farther on the investigations of the magnetic impurities 
in active zone influence to (4-6) magnitude are 
represented. 
  
3. Investigation of influence of magnetic impurities to 

the circumferential direction 
 

The parameters of model in fig. 1 are show in 
millimeter. Relative permeability of steel is r 1000. 

The magnitude of phase current Im = 4 A, the number of 
turns in each pole phase winding is 350. The 
calculations are performed in time range of s02.00   

using time step s001.0 . 

The particles in the active zone are placed as depicted in 
fig. 2. 
 

 

Fig. 2. Magnetic material particles in active zone: a) one 
particle; b) two particles; c) three particles 

 
Three cases there were investigated: 

1. one particle with coordinates (0.01; 0.01); 
2.  two particles with coordinates (0.01; 0.01) and 

(0.02; 0.02); 
3.  three particles with coordinates (0.01; 0.01), 

(0.02; 0.02) and (0.03; 0.03). 
Also the magnetic particles permeability influence to 
the magnetic field dissipation in active zone is 
investigated. The circular magnetic particle with 
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diameter of 2 mm permeability r  is changed in range 

(50; 100; 300; 500; 1000; 3000; 5000).  
 
3.1. The investigation of magnetic energy 
distribution 
 

Rotational magnetic field is created by inductor. The 
influence of magnetic particles permeability to magnetic 
field energy is depicted in fig. (3-4). The fig. 3 shows, 
that the mean magnetic energy value increases with 
increase of permeability. However, the magnetic field 
distributes none uniformly as depicted in fig. 4.  
 

 
 

Fig. 3. The mean magnetic field energy dependence on 
magnetic particle permeability  
 

 
 

Fig. 4. The magnetic field energy dispersion due to changes of 
magnetic particles permeability  
 
The magnetic energy dispersion is insignificant for the 
particles with r < 500 for the studied case depicted in 

fig. 4. Also, the number of particles is significant for the  

r > 1000. So, the higher mean energy value in active 

zone induces higher forces and torque which affects the 
particles. 
 
3.2. Investigation of magnetic flux  
 

The calculations of magnetic flux are performed 
according to scheme depicted in fig. 2. The mean value 
of magnetic flux and dispersion in active zone were 
calculated using (7) and (9). 

The increase of amount of particles in the active zone 
increase magnetic flux mean value as it could be seen 
from fig. 5-6. Such increase is higher as higher is the 
permeability of particles.  
 

 
 

Fig. 5. The mean magnetic flux dependence on magnetic 
particles permeability  
 

 
 

Fig. 6. The magnetic flux dispersion dependence on magnetic 
particles permeability  
 
The decrease of magnetic flux dispersion with increase 
of particles permeability describes the decrease of 
fluctuation of magnetic flux in active zone with in 
different time moment. Consequently, the mixing 
process would be uniform with higher particles 
permeability.  
 

4. Investigation of group of particles influence to 
distribution of magnetic field in active zone  

 

The group consists of three particles is placed in 5 
different positions in active zone as depicted in fig. 7. 
Each circular particle diameter d = 2 mm and 
permeability is r =1000. The inductor magnetic field is 

simulated as well as in previous section. The magnetic 
flux and energy mean values and dispersions are 
calculated using equations (6-9). The main task was to 
investigate the group of particles influence to 
distribution of magnetic field in the active zone.  
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The placement of group 1, 4 and 5 is in the same active 
zone radius. The mean flux and energy values at the 
points Rn = 1, 4, 5 are not equal as could be seen from 
fig. 8-9. This phenomenon could be described by small 
asymmetry of inductor magnetic system. 

 
Fig. 7. Location points Rn of magnetic particles in the active 
zone I quarter  
 

 
Fig. 8. The mean magnetic flux dependence on magnetic 
particles location point Rn  
 

 
Fig. 9. The mean magnetic field energy dependence on 
magnetic particles location point Rn  
 
The deviation of magnetic flux between points 1 and 2 
(fig. 8) is less than 0.04% and is negligible. The 
deviation of magnetic energy at the same points is about 
0.6%. So the steady - state operation parameters of the 
inductor would be with small deviation.  
 
 
 
 
 

5. Conclusions 
 

1. The magnetic particles in the active zone increase the 
magnetic flux and energy comparing with flux and 
energy without particles.  
2. The magnetic flux and energy could be increased 
with increase of magnetic permeability of particles. 
However the magnetic field becomes non uniform as 
lower permeability of particle. Also, higher mean 
energy value in active zone induces higher forces and 
torque which affects the particles. 
3. The magnetic energy in active zone deviation 
depends on placement of group of particles. However, 
such deviation is less than 1%. 
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Abstract: Mathematical and computer model of 
multiphase motor with six-phase stator winding and 
three phase rotor windings in the synchronous reference 
frame is elaborated.  
Equivalent circuits per phase of motor for direct and 
quadrature axis are presented. 
Starting transients of torque, speed and current obtained 
by solving of differential equations of the motor are 
presented and discussed.  
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1. Introduction 

 
Research on multiphase induction motor drives has 
grown since the variable speed ac drives require a 
power electronic converter for their supply (in vast 
majority of cases an inverter with a dc link). The 
number of motor phases is essentially unlimited [1].  
Multiphase motor drives have been proposed for 
applications where some specific advantages (lower 
torque pulsation, less DC link current harmonics, higher 
overall system reliability, better power distribution per 
phase) can be better exploited, justifying the higher 
complexity in contrast to the three-phase solution [2]. 
Some of the most suitable applications are ship 
propulsion, traction (including electric and hybrid 
electric vehicles) and the concept of “more-electric” 
aircraft [3]. Other suitable applications are locomotive 
traction, aerospace and high power applications [4]. 
Control methods of multi-phase motors generally are 
the same as for three-phase motors [1]. Frequency 
converters, having reduced price, became the main 
control unit of multiphase electric drives and 
investigation of multiphase motors remains significant 
problem. 

 
2. Model of six-phase induction motor 

 
Dynamic model for motor with three-phase rotor 
winding and six-phase stator winding is developed [4].  

In order to develop the six-phase induction motor 
model, the following assumptions are made: 

 The air gap is uniform and the windings 
are sinusoidally distributed around the air 
gap. 

 Magnetic saturation and core losses are 
neglected. 

As for the three-phase induction motor, where the well-
known dq rotating reference is used in analysis and 
control [5, 6] a dq reference frame is also used for the 
six-phase induction motor. The six-phase induction 
motor can be modeled with the following voltage 
equations in synchronous reference frame: 
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 (1) 

 
where 1 2,  qs qs   are stator q -axis flux linkages 

components, 1 2,  ds ds  are stator d -axis flux linkages 

components, ' ',  qr dr   are rotor q -axis and d -axis 

flux-linkage component, 1 2,  qs qsi i  are stator q -axis 

currents components, 1 2,  ds dsi i  are stator d -axis 

currents components,  ' ',  qr dri i  are rotor q -axis and d -

axis current components, s is Laplace operator, � is 
synchronous speed of one pole induction motor the 
same as speed of rotating magnetic field, sr  is stator 

resistance 1 2 1 2,  ,  ,  ds ds qs qsu u u u and ,  dr qru u   are 

voltages of stator windings and rotor windings 
correspondingly. 
The flux linkages are expressed in [7]. 
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The electromagnetic torque can be expressed in the 
synchronous dq reference frame as: 

 

   ' '
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where mL  is air gap inductance, '
lrL  is rotor leakage 

inductance, P is number of pole pairs. 
The equation of drive movement is written as: 
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where LT is load torque. 

Equations (1, 2, 3) are represented in matrix form (4) 
as: 
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Where matrix A is expressed as: 
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where 11 23 32 44 ls lm ma a a a L L L      , 

12 24 31 43 lm ma a a a L L     , 

15 26 35 46 51 52 63 73 74 ma a a a a a a a a L        

, '
55 66 76 lr ma a a L L    , 77 ra J . 

 
Matrix F is written as: 
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Matrix of variables x is expressed as: 
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According to Eq. 5 the MATLAB model was 
elaborated. Dormand-Prince method (ode45) was used 
to solve the set of discussed equations.  
 

3. Results of simulation 
 
Parameters of the modeled motor are presented in   
Table 1. 
 
Table 1. Motor parameters 
 

,sR



' ,rR



,

mH
lsL ' ,

mH
lrL ,

H
mL

 
,

H
lmL

 
,

V

U
 
rad/s


2

,

kg m

rJ


P

3.55 1.04 5.2 9.3 0.3 0.035 220 314 0.07 1
 
Figure 1 shows starting transients of six-phase motor at 
no load, then after 0.8 second the motor is loaded by 40 
N·m load torque. The speed time is 0.49 s. Motor speed 
due to load reduces by 0.8 %. 
Response of torque, developed by motor is presented in 
Fig. 2. The greatest value of torque is equal to 175 N·m. 
The steady-state developed of torque is equal to applied 
torque value. 
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Fig. 1. Speed response of six-phase induction motor 
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Fig. 2. Response of torque 
 
Figures 3, 4 and 5 shows transients of stator A, B and C 
phase currents at 40 N·m load torque, applied after 0.8 s 
from the starting instant. 
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Fig. 3. Transient of stator A phase current at 40 N·m 
load torque 
 
The range of time from 0.6 s to 0.8 s indicates motor 
current, operating at no load. Current of loaded motor is 
shown in the time range from 0.8 s to 1 s. Current of 
loaded motor by 40 N·m increases by 17 %. 
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Fig. 4. Transient of stator B phase current at 40 N·m 
load torque 
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Fig. 5. Transient of stator C phase current at 40 N·m 
load torque 
 
Figures 6 shows transients of all stator windings phase 
currents A, B, C and X, Y, Z. Current systems are 
shifted by 30 electrical degrees. 
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Fig. 6. Starting transients of stator windings phase 
currents A, B, C (solid line) and X, Y, Z (dashed line) 
 
Figures 7, 8 and 9 shows transients of rotor currents at 
40 N·m load torque. 
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Fig. 7. Transient of rotor a winding current at 40 N·m  
load torque 
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Fig. 8. Transient of rotor b winding current at 40 N·m  
load torque 
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Fig. 9. Transient of rotor c winding current at 40 N·m 
load torque 
 
Fig. 7, 8 and 9 indicates reducing of rotor current 
frequency due to acceleration. While speed of motor 
exceeds synchronous, the rotor current frequency 
increases for speed overshoot duration, then again begin 
to decrease. The steady state phase current is equal to 
1.27 A for loaded motor. 

 

4. Conclusions 
 

Mathematical and computer model of multiphase motor 
with six-phase stator winding and three phase rotor 
winding in the synchronous reference frame is 
elaborated.  
The speed setting time is 0.49 s. Motor speed due to 
load applied at 0.8t  s reduces by 0.8 %. 
Current of loaded motor by load of 40 N·m increases by 
17 % with respect to no-loaded motor. 
Frequency of rotor current depends on motor speed and 
reduces with increasing of speed. At speed overshoot, 
reaching speed value greater than synchronous, 
frequency of current increases. 
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Abstract: Brushless synchronous motors have a simple 
device, they are reliable and efficient. As such, can be 
motors with the excitation from low-cost barium ferrite 
or strontium ferrite magnets and also reaction motors 
can be used. In accordance with their technical data, 
they are close to each other, but the reaction machine is 
cheaper and more reliable. The present work includes a 
comparative analysis of these electromotors, it offers 
effective design solutions allowing creating a 
synchronous motor, for example, for power tools with 
the power of 1800 W, which will have a specific 
volume of 0.63 ∙ 10 	m3/kW and mass not more than 
6.6 kg at a rotational speed of 15000 rpm. 
 
Keywords: synchronous motor, permanent magnet, 
reaction motor. 
 

1. Introduction 
 

At the present time the synchronous motors with 
semiconductor control are used in the AC electric drive. 
They are applied in the drives of ventilators, in the 
appliances and also as traction motor for railway 
transport [1-4]. In this connection the brushless 
synchronous motors of improved reliability attract more 
and more attention: these are permanent magnet 
synchronous motors and reaction, it means without 
special winding of excitation. The last ones, as low 
power, could be used in the appliances and power tools.  
In this connection, it is appropriate to detect the 
advantages and disadvantages of reaction motors in 
comparison with permanent magnet synchronous 
motors. 
There are two main groups of magnets, what can be 
applied to excite synchronous motor, for example, in the 
drive of electric tool. These are high-energy magnets, 
class Nd-Fe-B, and low-energy – on the base of barium 
ferrite and strontium ferrite. The high-energy magnet 
are considerably more expensive than low-energy ones 
and possess lower operating reliability. That is why, the 
power tools working in hard conditions and being 
influenced by mechanical and heat loads, is 
inappropriate to build on the base of synchronous 

motors with excitation from high-energy magnets. Such 
kind of tool could become unacceptable expensive to 
fabricate it and with low reliability in hard work 
conditions.  What concerns the low-energy magnets, 
their appliance in the electric tool is possible, but more 
reliable and cheep could be electric tool, built on the 
base of reaction motor, if the last ones are not too 
hulking with large energy consumption. We will clarify 
it using following statements on the base of comparison 
of mentioned motors according to electromagnetic 
torque density. 
 
2. The electromagnetic torque of permanent magnet 

motor 
 
On the Fig. 1 the bipolar design of synchronous motor 
with excitation from strontium ferrite magnets is 
presented. The motor possess the rotor yoke 1 where 
two curved permanent magnets are pressed close to each 
other 2, 3, separated in ends with a small space 4, 5, 
filled with non-magnetic wedge. The wedges serve not 
only for separating magnets, but also for tight pressing 
them to the rotor yoke. To increase the magnetic flux 
the pole overlap is performed near to 1800.  
The cylindrical stator 7 with the three phase winding 8 
is located between the magnets on the shaft 6 of 
electrical machine. The winding is distributed, with a 
shortened pitch to ensure sinusoidal shape of curve of 
magnetomotive force. 
The motor work on the interaction of stator magnetic 
field with rotor magnets. The torque of interaction can 
be performed using the formula [5-9] 
 

Φ Φ ,																								 1  
 
where Фd, Фq – the amplitude of first harmonic of 
longitudinal and transversal fluxes caused by magnets. 
Fad, Faq – the amplitude of first harmonics of 
longitudinal and transversal component of 
magnetomotive force, created by stator winding. 
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Where  
 

∙
250	 	frequency of currents in  

 

the armature winding. 

 Accepting, that the number of windings in the phase 

w=40, than receive 

 

0.9 ∙ ∙ ∙
662

0.9 ∙ 3 ∙ 40 ∙ 0.93
6.59	 .																																											 17  

 
The full power  
 

∙ ∙ 3 ∙ 6.59 ∙ 115 2274	 	 18  
 
The power coefficient  
 

с
∙

1800
0.9 ∙ 2274

0.88			 19  

 
where η=0.9 – the efficiency, calculated taking into 
account energy losses in steel 150W, in copper 30W and 
mechanical losses 20W . 
Weight of motor without inner protecting housing and 
shields 
 

4
∙

∙ 0.1
4

∙ 0.1 ∙ 7000 5.5	 , 20  

 

where γ=7000 kg/m3 – average density of motor active 
zone  materials. Total weight taking into account 
housing and shields 
 

 1.2 ∙ 1.2 ∙ 5.5 6.6	 .							 21 	 
 

Specific power 

 
1800
6.6

273 .																						 22  

 
The specific volume, then outer diameter Dout=0.11 m 

and length lout=0.12 m. 

 
∙ ∙
4 ∙

∙ 0.11 ∙ 0.12
4 ∙ 1.8

0.63 ∙ 10 	 .																									 23  

 
Thereby, the synchronous reaction motor acceptable 

technical data: high efficiency η=0.9, cos φ=0.88 and 

specific power 273 W/kg and volume 0.63 ∙ 10 	 . 

Comparison data of permanent magnet synchronous 

motor and reaction motor are presented in the Table. 

 

Table 1. Comparison data of permanent magnet synchronous 
motor and reaction motor 
 

 Parameters 
Value 

PMSM 
Reaction 

motor 
1. Power, W 1800 1800 
2. Electromagnetic 

torque, Nm 
1.15 1.15 

3. Rotational speed, rpm 15 000 15 000 
4. Outer diameter, m 0.11 0.11 
5. Length, m 0.10 0.12 
6. Mass, kg 5.5 6.6 
7. Efficiency 0.92 0.9 
8. Power coefficient 0.92 0.88 

 
5. Conclusions 

 
By the certain design arrangement the synchronous 
reaction motor with outer rotor possess technical-
economic data high enough: large specific power (not 
lower than 273 W/kg), large efficiency and power 
coefficient (η=0.9, cosφ=0.88), high exploitation 
reliability, simple design and low manufacturing costs. 
It can be applied completely in the power tools. 
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Abstract: The purpose of the paper is to analyze the 
influence of permanent magnet’s construction 
parameters in magnetic coupler on coupler’s 
mechanical torque. With the construction parameters 
are meant the permanent magnet’s sizes, design and 
number. The paper includes the calculation of a 
mechanical torque, applying program QuickField. In 
QuickField there are calculated magnetic fields using 
finite element method (FEM). The Permanent magnet’s 
(PM) sizes are changed and analyzed for a base 
magnetic coupler (MC) BR-5, which is really used. 
The mechanical torque for base MC, which is 
calculated in QuickField, is compared with an 
experimentally obtained mechanical torque. 
 
Keywords: Permanent magnets, magnetic coupler, 
magnetic coupling, mechanical torque, QuickField, 
finite element method. 
 

1. Introduction 
 
In this paper it is analyzed the magnetic coupler (MC). 
In some references it is called cylindrical magnetic 
clutch in the name of MC.  
MC is used to transfer the interaction forces as 
attraction and repulsion of the permanent magnets 
(PM) to mechanical torque – the motion. MCs are used 
in pumps, compressors and mixers. The MC, which is 
analyzed in this paper, is used as the liquid mixer in a 
design with motor (fig. 1). MC consists of inner half 
coupling 2 and outer half coupling 3. On the outer 
surface of the inner half coupling 2 and on the inner 
surface of the outer half coupling 3 there are placed 
permanent magnets 4. The inner half coupling is 
connected with the shaft 7 to the motor 1. The outer 
half coupling is placed in a cylindrical bowl from 
stainless steel 6, where it is also the liquid, which has 
to be mixed. On the outer surface of the outer half 
coupling 3 there are placed blades. The motor 1 rotates 
the inner half coupling. The interaction (attraction and 
repulsion) forces between moving PMs on the inner 
half coupling 2 and still PMs on the outer half coupling 
3 make the outer half coupling to rotate.  

As the inner half coupling is connected to motor with a 
shaft, there is not necessity of insulating layer. As the 
outer half coupling 3 is not fixed, there is necessity of 
insulating layer and in this case it is Teflon box 5. 
 

 
 

Fig. 1. Magnetic coupler in a design with motor 
1 – motor, 2 – inner half coupling, 3 – outer half coupling,  
4 – permanent magnets,  5 – Teflon box, 6 – part of the 
cylindrical bowl from stainless steel, 7 – shaft  
 

2. Base magnetic coupler 
 
The last years it is an upswing of permanent magnets, 
which are formed from alloys based on the rare-earth 
elements, e.g. neodymium-iron-boron (Nd-Fe-B) and 
samarium-cobalt (Sm-Co). Such magnets have higher 
coercive force. The higher is the coercive force, the 
larger torque is transferred. The analyzed MC has Nd-
Fe-B permanent magnets. 
Permanent magnets of the base MC (fig. 2), which’s 
real name is BR-5 (as used in bioreactor, mixing 5 
liters), have a rectangular form and the number of PMs 
is twelve. There are placed N42M series’ Nd-Fe-B 
permanent magnets with such parameters: 

 Residual induction Br=1,28 (T); 
 Coercive force Hc=860 (kA/m); 
 Relative permeability µ*=1,184. 
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Fig. 2. The Base magnetic coupler BR-5 
1 – inner half coupling, 2 – outer half coupling, 
3 – permanent magnets 
 
The base MC’s BR-5 dimensions are given in “Fig. 3”. 
R1 is the radius of outer half coupling’s outer surface. 
R2 is the radius of PM, where it’s placed on the inner 
surface of outer half coupling. R’2 is radius, where PMs 
are embedded on the outer half coupling’s surface. R3 
is radius of outer half coupling’s inner surface, taking 
into account PM’s height.  Rδ is the radius of air gap’s 
median line. R4 is the radius of inner half coupling’s 
outer surface, taking into account PM’s height. R5 is 
the radius of PM, where it’s placed on the outer surface 
of inner half coupling. R’5 is radius, where PMs are 
embedded on the inner half coupling’s surface. R6 is 
radius of inner half coupling’s inner surface (it is also 
the radius of shaft). PM’s width is b and height – h. Air 
gap – δ. 
 

 

Fig. 3. Dimensions of base magnetic coupler BR-5 (in 
millimeters) 
R1, R2, R’2, R3, R4, R5, R’5, R6, Rdelta – radiuses, h – PM’s 
height, b – PM’s width, δ – air gap  
 
To reflect the MC’s operation, it is used the relevance 
between the mechanical torque (of MC) M and the 
turning angle θ: M=f(θ). With turning angle θ 
understand the inner half coupling’s offset from outer 
half coupling.  
To compare the operation of different MCs, it is used 
their main characteristic – maximal mechanical torque 
Mmax.  

 
3. Calculation of mechanical torque 

 
The calculation of the mechanical torque is made 
applying the program QuickField [1]. The program 
takes into account the saturation of magnetic circuit 
[2]. The program generates the magnetic field and 
calculates the physical values of given object using the 
finite element method (FEM) [1, 2]. In this case it is 
generated the magnetic field of MC and calculated the 
mechanical torque M. 
Before the calculation is made, it is necessary to define 
the parts of the object. For MC these parts are: Air, 
Steel 3, N, S, PMin, PMout and the circles with R1, R6 
(fig. 4).  
 

 
 

Fig. 4. Parts of MC which are defined in QuickField 
N –N pole edges, S –S pole edges, R1 and R6 – boundary 
circles with radiuses R1 and R6, Steel 3 – inner and outer half 
coupling parts from material Steel 3, PMin and PMout – 
permanent magnets of inner and outer half couplings, Air – 
airgap 
 
“Air” is defined by relative permeability μ0

*=1. Parts 
“Steel 3” are defined by curve B=f(H) with relevance 
which’s given [3]. For permanent magnets of inner half 
coupling “PMin” and outer half coupling “PMout” is 
defined the relative permeability μ*=1,184, that is 
calculated from the N42M series Nd-Fe-B PM’s 
passport data using (1): 
 

0

*







c

r

H
B

.                          (1) 

 
To show the poles interaction of PMs, are used the 
edges “N” and “S” (fig. 4). Edges “N” (bolded PM’s 
edges) are defined with coercive force Hc=-860 
(kA/m). Edges “S” (interrupted, bolded lines in “Fig. 
4”) are defined with coercive force Hc=860 (kA/m), 
just with opposite sign.  
There is a necessity of boundary conditions, which are 
represented with circles (with radiuses R1 and R6). 
These circles are defined by magnetic potential 
A=A0=0 (Wb/m). 
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After parts definition can obtain the magnetic field’s 
picture of the object, i.e. MC, and the value of a 
mechanical torque. The mechanical torque is calculated 
in a contour made from circle of air gap median radius 
[4]. 
The magnetic field’s pictures by turning angle θ are 
given in “fig. 5”, “fig. 6”, “fig. 7” and “fig. 8” for the 
base MC. 
 

 
 

Fig. 5. Magnetic field of base MC at θ=0 (el.deg.), M=0 
(Nm) 
 

 
 

Fig. 6. Magnetic field of base MC at θ=45 (el.deg.) 
 

 
 

Fig. 7. Magnetic field of base MC at θ=90 (el.deg.), M=Mmax  
 

 
 

Fig. 8. Magnetic field of base MC at θ=180 (el.deg.), M=0 
(Nm) 
 

4. Experimental part 
 
It was made an experiment to obtain the relevance of 
mechanical torque M from turning angle θ for the base 
MC. The obtained curve is compared with curve, 
which is calculated in QuickField (fig. 9). In the 
experiment it was determined the relevance between 
the mechanical torque M and the discrepancy angle of 
inner and outer half couplings’ PMs axes (which 
expressed the turning angle θ). 
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Fig. 9. Relevance of mechanical torque M from turning angle 
θ for base MC 
 
The curves – taken experimentally (continuous line) 
and calculated in QuickField (interrupted line) – are 
similar. The offset can explain with: 

1) Material permeability for permanent magnets 
as given in (1) depends on residual induction 
and coercive force, which values have interval 
not an exact one value. So the division also 
has an interval for it’s values. In reality PM 
may not have as high residual induction and 
coercive force as given in passport data and 
used in calculations; 
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2) The PMs in reality are not the same as taken 
into calculations. Some PMs may have lower 
residual induction or coercive force then the 
others. So the real magnetic field of MC is 
weaker and/or misbalanced, that affects the 
mechanical torque (i.e. it is reduced); 

3) The air gap is taken in calculations as it would 
completely consist of air, though in reality at 
the outer coupling side there it is Teflon box 
and between the half couplings it is stainless 
steel. Though stainless steel and Teflon box is 
taken as air (with permeability equal one), 
only standard austenitic stainless steel has 
relative permeability close to one (1,05-1,1). 

It can be concluded that, taking into account the offset 
reasons, QuickField can be used for calculations of 
mechanical torque in MCs. 
 

5. Design optimization for base MC 
 
With design optimization for base MC understand the 
changed MC’s design, where the mechanical torque of 
MC is increased. 
It is offered to use rounded PMs instead of rectangular 
PMs as they are in base MC (fig. 10).  
 

 
 

Fig. 10. Transition from rectangular PMs to rounded PMs 
i – variants of design optimization 
 
The changes are made so. Radiuses R1, Rδ, R6 are 
constant (fig. 11).  
In the transition from base MC to MC with rounded 
PMs’ width edges radiuses R2, R3, R4 and R5 also are 
constant. The arcs for i=1 and i=2 variants (fig. 10) are 
made so, that the height of PMs is the same as for base 
MC (fig. 11).   

 

 
 

Fig. 11. Design transition from base MC 
 
At the beginning it is calculated variant i=1, where 
PMs in inner and outer half couplings are equal (fig. 

10) as in base MC, just the edges are rounded. Then is 
calculated variant i=2 with rounded edges, but the arc 
length for PMs is different in inner half coupling and 
outer half coupling (fig. 10). The length is made so, 
that the arc would fulfill the angle α. 
To compare the convenience of MCs, is used just a part 
of hole curve M=f (θ) with the maximal mechanical 
torque. For transition from base MC to MC with 
rounded PM’s edges, which are different, is given 
comparison (fig. 12) in “Table 1”. 
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Fig. 12. Maximal mechanical torque caparison 
 i – variants of design optimization 
 
As seen, the MC with rounded PMs, where arcs fulfill 
the angle α, has the highest maximal mechanical 
torque, so further optimization is made on this design 
(variant i=2). 
 
Table 1. Maximal mechanical torque for MC 
 

Variant i Base  1  2  
Maximal 

mechanical 
torque 
(Nm) 

0,670 0,748 0,902 

Growth 
(%) 

- 11,6 34,6 

 
Changing PM’s height, changes the radiuses R3, R4 and 
air gap δ. The airgap is δ=2,4 (mm) for base MC. The 
PM’s height is changed by 0,2 mm, cause the maximal 
reduction for air gap is till  δ=2,0 (mm) – technically 
possible. The results are given in “Table 2”.  
 
Table 2. Maximal mechanical torque for MC with rounded 
edges, which fulfill angle α, when PM’s height is changed 
 

Variant i 2 3 4 
Height h 

(mm) 
1,6 1,8 1,4 

Air gap δ 
(mm) 

2,4 2,0 2,8 

Maximal 
mechanical 

torque 
(Nm) 

0,902 1,126 0,629 
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Next PM’s dimension, which can be changed, is PM’s 
arc length. The arc length is expressed with an angle α. 
For variant i=2 PM’s angle α=27°. The next biggest 
angle α can be equal with 30°, when the PMs are next 
to each other without any space. So the step is taken 
Δα=3° and looked up the variants, when angle α is also 
reduced. The results are given in “Table 3”. 
 
Table 3. Maximal mechanical torque fro MC with rounded 
edges, when PM’s angle α is changed 
 

Variant i 2 5 6 7 
α (°) 27 30 24 21 

Maximal 
mechanical 

torque 
(Nm) 

0,902 0,470 0,833 0,732 

 
This way is investigated the influence of PM’s sizes on 
MC’s mechanical  torque.  
But the influence of PM’s sizes can not be investigated 
just taking into account the dimensions of PM. They 
have to be looked up with the number of PMs, cause, 
reducing just angle α will be reduced the mechanical 
torque, but by reduced angle α and increased number of 
PMs the mechanical torque will be higher (Table 4).  
 
Table 4. Maximal mechanical torque for MC with rounded 
edges, when PM’s angle α and PMs number N is changed  
 

Variant i 2 7 8 9 
N 12 12 14 16 
α (°) 27 21 21 21 

Maximal 
mechanical 

torque 
(Nm) 

0,902 0,732 0,733 0,642 

 
6. Conclusions 

 
As the calculated maximal mechanical torque for base 
MC is 0,670 (Nm) and the experimentally taken – 
0,623 (Nm) (fig. 9), then the fault in per cents is 7,5. 
That is relatively small and so the program QuickField 
can be applied for mechanical torque’s calculation. 
Offered transition from rectangular PMs to rounded 
PMs in MC is useful. In “Table 1” is given the 
comparison for maximal mechanical torque and also by 

it’s growth in percents. As seeable, the most suitable 
variant is MC with rounded edges, which fulfill the 
angle α, thus the MC operation would grow for 34,6 %. 
The PM’s height h change is related with the air gap 
width δ (Table 2). Increasing PM’s height decreases 
the width of air gap. Maximal mechanical torque can 
be increased for 24,8 % (increasing height) comparing 
MCs with rounded edges and for 68,1 % comparing 
with the base MC.  
The PM’s arc length, expressed with angle α, is related 
with the number of PMs in MC. Not taking into 
account the number of PMs, this time the optimization 
for MC is not possible (Table 3), cause by angle α=27° 
is the highest maximal mechanical torque (Mmax=0,902 
Nm). Also taking into account the number of PMs this 
time the optimization is not possible. There is an 
influence of PM’s angle α. This influence with PMs 
number N, may give growth as in cases i=7 and i=8 
(Table 4). 
The further research should be made, considering not 
only PM’s dimensions as height h and width, which is 
expressed with angle α, but also number of PMs and 
the possibility to change the radiuses R2 and R5, which 
express the thickness of half coupling’s part from Steel 
3, and the radiuses R2’, R5’, which express the depth, 
where the PMs are embedded. 
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Abstract: The paper describes the developed automatic 
data input Visual Basic for Application (VBA)  
program, that allows significant simplification and 
fastening of calculation brushless DC motor magnetic 
field and analysis of its results in accordance with 
geometric size of the magnetic circuit separate elements 
and properties of the materials. 
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1. Introduction 
 
The importance of the brushless DC motor investigation 
is connected with the fact that today a lot of enterprises 
working in the field of electrical engineering widely 
produce advanced technology and power effective 
products with low power losses and specific features of 
control.  
Like for any electric machine the designing of brushless 
DC motor is initiated with calculations. According to 
the project requirements the basic design sizes of the 
device are defined, necessary materials are chosen and 
the obtained results are verified with the control 
calculation.  
The most important calculation process from all those is 
the calculation of anchor windings and magnetic 
circuits. There are two directions: the first is synthesis, 
choice of geometric sizes based on the project 
requirements, and the second one is analysis, correction 
of the made decision and detailed examining of 
optimality.  
Recently for the calculations of magnetic field different 
programs of finite elements methods were applied, for 
example, programming system QuickField. 
The programming system QuickField itself provides fast 
solving of the tasks with high accuracy, magnetic field 
visualization, calculation of different values of the field 
as well as different parameters of the object under 
consideration and the opportunity to comply with the 
magnetizing curve of the magnetic material and 
saturation Ref. [1].  

However, long-term experience in work with system 
QuickField demonstrated that its application for multi-
variant calculations of electric machines magnetic 
circuits requires accurate time-consuming data input 
preparation. The development of QuickField model 
needs calculation and input of its geometric sizes and 
coordinates as well as input of physical details of each 
element of magnetic circuit and outward boundary 
conditions, etc. At the same time for the analysis of the 
results and calculations of the electric machines 
parameters it is necessary to complete an output of large 
massive of QuickField results and its complicated 
processing.  
The aim of this work is to simplify and fasten the 
preparation of data input and the processing of the 
results, replacing the operations made in QuickField 
graphic interface with a special program using Active 
Field technology. ActiveField technology is based on 
the interoperation of different programs Ref. [2]. With 
the help of this technology the preparation and input of 
QuickField data as well as the processing of the results 
are possible to be described with programming language  
VBA  in Excel environment.  
 

2. Geometry of the models, input data and 
calculation results. 

 
If the aim of the user is to define the optimal geometric 
sizes of brushless DC motor magnetic circuits elements 
the demand is to calculate accurately the coordinates of 
the connected with these sizes point of the unit and 
input the geometric model for many different variants, 
that is a significantly time-consuming process. Applying 
the above mentioned ActiveField technology this task 
can be quickly and easy solved without leaving Excel 
environment. 
The VBA program for automatic data input is developed 
for calculations of magnetic circuits of brushless DC 
motors with active (brushless DC motor with permanent 
magnets) or reactive outer rotor (reactive brushless DC 
motor) Ref. [3, 4]. 
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There is also a possibility to select for the calculations 
trapezoid or oval form of the anchor (inner stator) slots 
with the constant width of the teeth.  
The constructions described in VBA program are 
demonstrated in Fig.1, where in the reactive brushless 
DC motor there is non-magnetic environment instead of 
permanent magnets. 
 

It is possible to describe any other construction of 
magnetic circuit of electrical machine in a program of 
similar type. 
The data input windows of the developed program 
within Excel environment is demonstrated in Fig.2.  
 
 

           
(a)                                                            (b) 

 

Fig. 1. Constructions described in VBA-program: (a) - with slots of trapezoid form; (b) - with oval slots 
 

 
 

Fig.2. General overview of the automatic data input window of VBA  program in Excel environment 
 
Data input window "Input Parameters" is divided into 
four parts. The first part is "Geometrical Input 
Parameters" that should be supplied with main sizes of 
electrical machine, number of poles, number of anchor 
slots and others given in the window geometric 
parameters of magnetic circuit. In the first part of the 
window there is a possibility to select type of brushless 
DC motor (with reactive or active rotor) and type of the  
anchor slot (oval or trapezoid). During the process of 
data input point with the cursor onto the Excel table sell 
with the values symbols a graphic tip appears with the 
symbol's geometric interpretation (Fig.3.) Button 
"Check" is also placed in this section. Having pressed 
this button the subprogram calculates the sizes 

necessary for the development of model and the results 
are placed into the specified for it sells in the window 
section "Check". If the geometric sizes are input faulty 
the window informs about the error (Fig.4.). This case 
requires checking and correcting the geometric input 
data. 
The next section is "Material Inputs" where the 
properties of the materials should be input. This section 
requires inputting the rotor and stator magnetic 
materials the magnetizing curves of which are described 
in the list "Data base of materials". If the selected 
construction is with permanent magnets then the relative 
magnetic permeability of the permanent magnets µr and 
residual flux density Br and direction of coercive force 
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measured in degrees should be input. After the input of 
permanent magnet parameters the coercive force is 
calculated automatically. According to the operational 
mode of the brushless DC motor the value of anchor 
windings current (the current of slots or reduced density 
of the current) should be input into this section. The 
numeration of the permanent magnets and anchor slots 
starts from the upper side and continues clockwise like 
it is shown in Fig.1. 
The last section is “Contour Editing” giving the 
possibility to point the contour (circle, half-circle, arc, 
straight segment, segment of the magnetic circuit) for 
which the correspondent calculation results are saved in 
Excel environment in the page „Table Postprocessing”. 
Page „Harmonics” automatically calculates the data that 
can be used for the harmonic analysis of magnetic field.  
The input data processing, QuickField starting and 
processing of the results are initiated clicking on button 
„Start”. 
 

 
 

Fig. 3. Graphic prompt of the necessary value  
 

 
 

Fig. 4. Fixing of error in the case of faulty input of 
parameters 
 

3. The process of program starting 
 
To start VBA program and complete calculation of the 
magnetic field with QuickField it is necessary to 
complete the following operations:  
 
 to point the type of brushless DC motor and the 
type of stator slots in the section “Geometrical Input 
Parameters” and to input in the foreseen Excel cells 
the sizes describing electric machine geometry;  
 to indicate the properties of the materials of the 
magnetic circuit elements and to describe the source 
of current in section „ Material Inputs”;  

 to click on the button “Check” for control of 
the input geometric parameters if it informs on the 
error, check it and correct the necessary parameters;  
 to obtain the results of the magnetic field 
calculations for a particular contour the parameters of 
that should be indicated in “Contour Editing” section 
before the starting of the program;  
 main program is initiated clicking on button 
“Start”. 

 
After the starting of the program the automatic 
calculation of the necessary coordinates takes place 
being followed with automatic QuickField starting 
where the geometric model is constructed, the 
parameters of the geometric model elements are set, the 
net of the finite elements is formulated and the magnetic 
field is calculated. The results of calculations are 
exported to Excel tables used after that for further 
calculations and analysis. In these tables for the pointed 
segment of rectangular form all the parameters of the 
magnetic field are given with an indicated step. If the 
contour is given a separate page of the table saves the 
parameters of the contour magnetic field. 
 

4. Multi variant examination 
 
The developed VBA program for automatic data input is 
applied for analysis of geometric parameters of 
magnetic circuit elements for the brushless DC motor 
with permanent magnets and the influence of their 
physical properties on the magnetic field in the air gap 
of the machine.  
As it is known Ref. [5] the maximum power of 
synchronous motors with permanent magnets is 
proportional to product Vm×Br×Hc, where Vm – the 
capacity of permanent magnets, Hc – coercive force.     
Beneath, the amplitude of 1st harmonic of the magnetic 
field in air gap B1m is shown depending on the 
permanent magnets pole overlap angle α and residual 
flux density, maintaining unchangeable the magnet 
height and relative magnetic permeability obtained 
when the above mentioned expression is constant. The 
obtained results are tabulated in Table I. 
 
Table 1. 1st harmonic of magnetic flux density normal 
component depending on the poles overlay at α × Br = const 
 

Nr.of the 
variant 

α, el. deg. Br, T B1m, T 

1 160 0,425 0,370 
2 140 0,489 0,407 
3 120 0,567 0,437 
4 100 0,68 0,466 
5 80 0,855 0,491 
6 70 0,971 0,499 
7 65 1,046 0,501 
8 63 1,079 0,501 
9 60 1,133 0,500 

 
Fig.5. demonstrates normal components of the resulting 
flux density and 1st harmonic distribution in the air gap 
for the 1st, 3rd and 8th variants. The calculations are 
made for the idle-running mode for the construction 
given in Fig.6. The input data of the 1st variant 
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calculations are demonstrated in Fig.2. Fig.7 presents 
the picture of motor magnetic field of the 1st variant.  
 

 
 

Fig. 5. Normal components of resulting flux density and 
distribution of the 1st harmonic component in air gap 
 

 
 

Fig. 6. Geometric construction of the calculated motor 
(1. variant, α=160 el. deg.) 

 
 

Fig.7. Picture of magnetic field at pie α = 160 el. deg.  
 

5. Conclusions 
 
 The developed VBA program significantly 

simplifies and fastens the investigation of magnetic field 
of the brushless DC motor with the help of QuickField 
program with variable geometric parameters of separate 
constructive elements, angle of rotor turn, 
characteristics of materials magnetization, properties of 
permanent magnets and anchor windings currents.  
 The automatic preparation and input of data 

provide the opportunity for easy systematization of 
multi-variant calculations and their results.  
 QuickField calculation results can be simply 

saved for the other programs of data processing in the 
available form.  
 The use of VBA program allows an avoidance 

of occasional misprints within the process of data 
preparation and input.  
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Abstract: Unbalanced magnetic attraction of the rotor 
and its uneven heating is caused by coil short circuit in 
the rotor winding, which causes its bending. These 
processes increase the vibration due to the composing 
reverse speed. The damage of the coil isolation can be 
caused both by the movement of the windings in the slot 
and the displacement of insulating spacers between the 
turns of the rotor coils.  

 
Keywords: Rotor, turbine, impulse action, short circuits. 

 
1. Introduction 

 
The coil short circuit remained insignificant for a long 
time unless due to thermal imbalance it caused the shift 
of the vibration level. For a long time turbogenerators 
(up to 120 MWh) in most of power systems worked 
with coil short circuit in the rotor, some coil shorts were 
detected just by advanced methods. But after the 
invention 800 MWh turbo-generators and higher coil 
short circuits detection became essential due to the large 
loss during the possible outage in power supply caused 
by coil short circuit. 
Therefore, the purpose of this work is to develop the 
interturn insulation field winding control procedures 
using the impulse actions. This method is more efficient 
comparing to the traditional method, which is associated 
with the time consumption and application complexity 
in an emergency. 

 
2. Schematic diagram of the diagnostic tests 

 
Schematic diagram of the diagnostic tests for the 
methods associated with video pulse filing on the 
excitation winding turbogenerator is shown in (Fig. 1). 
 

 
 

Fig.1. Scheme for coil short circuit diagnosis in the winding 
rotor 
 
The impulse impact generator includes low-power DC 
source UG, allowing you to install the current not more 
than 10-15 A, capacitor C, connected to the source 
through the excitation winding; VT - diode, that may 
influence the presence of only the positive half-wave 
current excitation; S - electronic key, switching 
transient in the circuit. On the scheme turbogenerator 
rotor is submitted by the following elements: LG - field 
winding, LD1, LD2 - the equivalent damping contours 
representing an array of rotor. LS turbogenerator stator 
winding is connected to a "star" and is plugged to T 
block transformer disconnected by QF switch from the 
system. Free change of eddy currents in the rotor 
elements induced by impulsive action is recorded by PS 
automated measuring set. The purpose of this complex 
is to collect data and initial processing of the diagnostic 
experiment results. 
 
3. Physical processes in the structural rotor elements 

under submitting of video pulse  
 

Diagnostic experiment with the impact of unipolar pulse 
is performed considering the electromagnetic nature of 
physical processes and is illustrated in (Fig. 2). 
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Fig.2. Currents and voltages graphs  
 
Changes in the electrical parameters characterize the 
following typical time intervals. 
1. The stage of establishing the transitional process after 
the power source is switched in the circuit (is not 
considered in the present work as it does not bear useful 
information). At the end of this stage if current flows 
through the coil excitation equal to 10 - 15 A, currents 
in the rotor array are absent (Figure 2. Time interval t 
<0). 
2. Stage of the input pulse action formation by opening 
the key S (range 0 .. t1). In this case, the oscillatory 
process starts charging the capacitor, the current in the 
coil excitation decays, and it respectively induces 
currents iD and if faults in the damper system and 
closed loop. While the current in the rotor winding 
passes through zero (t = t1) it opens circuit winding of 
the diode, VT. The change of if current in case the 
diode absence is shown by the dotted line. The value of 
active resistance to the field winding and the capacitor 
determines the impulse cut rate formed in this way  
3. Eddy currents free decay stage in a short circuit and 
the damper system (the interval t> t1). Herewith the 
register device records the change in Uf voltage, what 
allows evaluate the presence of coil circuit in the 
winding rotor. To eliminate the influence of the 
measuring complex on the electromagnetic transient 
formation the value of its resistance and capacitance 
should be limited to appropriate values. 
 

4. Compilation of differential equations 
 

The calculation of transient currents with an intact rotor 
winding is shown in (Fig. 3). Coil resistance of 
excitation and damping circuits are not shown. 
 

  
 

Fig.3. The equivalent circuit calculation scheme for intact 
rotor winding 

The differential equation (1) of the transition process is 
formed until the time t1 when the current in the field 
winding drops to zero:  
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The system of differential equations (2) for eddy 
currents free change phase in the array of rotor: 
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The equivalent circuit scheme shown in (Fig.4) is used 
to calculate the transition process in the rotor with coil 
circuit 
 

 
 
Fig.4. The equivalent circuit calculation scheme for coil 
circuit in the winding rotor stimulation 
 
The system of differential equations (3) on the pulse 
formation stage:  
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The system of differential equations (4) on the stage of 
eddy currents free change  in the rotor's array:  
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5. Transform the original differential equations to 

normal form for the solution 
 

For solving differential equations systems is necessary 
to adapt them to the standard form. This requires the 
derivatives of the currents are placed in the left side of 
the equations. Let us write the differential equations 
system in matrix form. And take a capacitor charge as 
an additional variable. Thus we receive the following 
system of differential equations (5):  
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Compiled L, R, S, E coefficients matrix (6):  
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for the system (7): 
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for the system(8): 
 





















































































0

0

0

0

0

0

1

000

000

000

000

2

1

3

221322

211311

323133

213

e

E
C

S

r

r

r

r

R

LMMM

MLMM

MMLM

MMML

L

d

d

fK

f

ddddfKdf

ddddfKdf

dfKdfKfKffK

dfdfffKf

 (8) 

 
for the system (9): 
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6. Conclusions 

 
The simulation of transients using the MathCad package 
yielded the following curves for changes in diagnostic 
Uf parameter (in relative units). 
 

 
 

Fig.5.  For the intact field winding 
 

 
 

Fig.6. For the wrapping containing the closed loop 
 
In the above Uf change graphs we can see that in the 
case there is a coil short circuit in the field winding the 
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transient attenuation of free vortex currents in the rotor's 
structural elements is much slower, and the numerical 
value of the diagnostic parameter is an order of 
magnitude lower than in the experiment with an intact 
coil.  
According to these characteristics, a conclusion about 
the coil winding insulation condition can be made. 
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Abstract: The numerical simulation of a non 
symmetrical construction of active magnetic bearing 
(AMB) including its control system has been carried 
out. We have used the field-circuit calculation method. 
The basic parameters were obtained from FEM analysis 
of the magnetic field. The AMB prototype of AMB was 
controlled by the system with 32-bit LPC2144 
microcontroller. We compared the measured current 
and rotor responses with the simulation results. A good 
agreement has been achieved. 
 
Keywords: active magnetic bearing, digital control 
system, field-circuit analysis. 

 
1. Introduction 

 
The bearing technology is a crucial problem in the hi-
speed applications. Now, many constructions of 
electromagnetic spindles or hi-speed pumps apply 
conventional types of bearings like ceramic, gas or 
special ones. For all of them, the most important 
parameter is the bearing life. Due to different 
exploitation the parameter is different for all of 
aforementioned bearings. The most important advantage 
of the magnetic bearings is, that its life depends almost 
only on the life the of the electronic equipment. 
Compared to the traditional bearings their operation life 
is relatively long [1]. In this work, we analyzed a non 
typical construction of the bearing, which consist of 
12 free configurable electromagnets.  

 
2. Configuration of the twelve poles in the magnetic 

bearing 
 

The 12-pole radial magnetic bearing, presented in 
Fig. 1, has been considered. The stator and rotor length 
are 56 mm and 76 mm, respectively. The main parts are 
made from laminated of 0.5 mm thick, iron sheets. This 
way the eddy currents could be considerably reduce. 
The air-gap length between stator and rotor amounts 
1 mm. The coils are supplied in the way that six horse-
shoe electromagnets are obtained. Each coil of the 

electromagnet consist of 40 turns and is wound with 
wire of the cross-section of 1mm2. Six electromagnets 
are generating the force which is suspending the rotor 
shaft in y-axis (Fig. 1). The two horizontal 
electromagnets hold the shaft in the origin of the x-axis. 
The magnetic bearing is controlled in the differential 
driving mode in which currents flowing through the 
windings consist of the bias and control current: i1 = iby 
+ icy, i2 = ibx + icx, i3 = iby – icy, i4 = ibx – icx. The 
quantities iby and ibx are the constant bias current, while 
icx and icy are the control currents [1, 2]. 

 

 
 

Fig. 1. General configuration of 12-poles AMB 
 

3. Mathematic model of active magnetic bearing 
 

The electromagnetic forces generated by active 
magnetic bearings can also be calculated analytically 
[3, 4] 
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where s0 is the nominal air gap for central position of 
the shaft, Ag is the active area of the magnetic flux in 
the pole lamination, N is number of turns of the coil, 0 
is permeability of vacuum. Nonlinear equations (1a) and 
(1b) can be linearized at the nominal operating point 
(icy = 0, y = 0) and (icx = 0, x = 0): 
 
 ykikF sycyiyy   (2a) 

 xkikF sxcxixx   (2b) 

 
The current stiffness coefficient kiy, kix and position 
stiffness coefficient ksy, ksx are defined as the partial 
derivatives of the radial force. 
The model of AMB is described by the set of ordinary 
differential equations 
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The voltage and current-balance equations (3), with 
voltages u1, u2 ,u3, u4 and currents i1, i2, i3, i4 as well as 
their current stiffness coefficient kiy, kix govern electrical 
behavior of the AMB system. Mechanical equations (4) 
describe the relation between the generated forces and 
shaft movement, including the mass of the rotor. 
Simulation of the magnetic bearing was developed with 
Matlab/Simulink software. Block diagram of the AMB 
model in y axis for field-circuit method is shown in 
figure 2. 
 

 
 

Fig. 2. Block diagram for the analysis of the AMB dynamics 
in y axis 
 
Interior of the block "Electromagnets 1 and 3" is shown 
in figure 3. 
 

 
 

Fig. 3. Electromagnets 1 and 3 
 
The current and displacement stiffness kiy, ksy and 
dynamic inductances Ld1, Ld2, Ld3, Ld4 have been 
calculated within the numerical analysis of AMB 
magnetic field [4, 5, 6]. 
 
3.1 Parameters of position controller 
 
Transfer function of the current which control the AMB 
in y axis can be expressed by the following equation: 
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The actuator with supplier of the AMB creates an 
unstable dynamic system. We can see that one of the 
square root of the Eq. 5 denominator has positive value. 
It is called real positive pole. Thus of the active 
magnetic bearing systems include decentralized PID 
control [1, 7]. The goal of the magnetic bearing control 
loop is stabilization of the unstable rotor in the 
equilibrium point. Figure 4 shows the close loop with 
PID controller. 
 

 
 

Fig. 4. Diagram of the current controlled AMB with PID 
controller 
 
The y-axis control position error ey(s) incorporates the 
fixed displacement yr and the actual value y of shaft 
displacement: 
 
 )()()( sysyse ry   (6) 

 
The controller task is to determine the control current in 
virtue of the position error: 
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The Laplace transfer function of the closed loop with 
the PID controller can be expressed: 
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The characteristic equation of the closed-loop system 
with the PID controller (Eq. 8) possesses three poles 1, 
2, 3. According to the pole placement method [3, 4], 
two poles should be equal to: 
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The quantity n is the natural frequency, whose can be 
calculated [8] from: 
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Prior to the frequency calculation we should determine 
the considered damping  and the settling time ts of the 
rotor. The third pole of the Eq. 8 is located outside the 
dominant area. Knowledge of the poles value 1, 2, 3 
allow us to calculate the PID parameters of the 
controller: 
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In our work we assumed the value of damping 
coefficient =0.5 and the settling time ts=0.05s.Thus we 
achieved the values of the PID coefficients as shown in 
Table 1 
 
Table 1. PID coefficients 
 

Control 
axis 

KP [A/m] KI [A/ms] KD [As/m] 

X 18543 979030 66.49 
Y 11567 621290 40.77 

 
3.2 Magnetic Field modeling of AMB 
 
The basic electromagnetic parameters have been 
computed using FEM analysis. The sample of magnetic 
field distribution has been given in Fig. 5. 
 
 
 
 
 
 

 
a) 

 
 

b) 

 
 

Fig. 5. Magnetic field distribution in AMB under excitation 
icy=5A, and the rotor position of: a) y=0 mm; b) y=0.5mm 
 
From Fig. 5a it is visible, that the field distribution 
around the AMB stator is symmetrical. For the bias 
excitation iby= ibx=5A and center position of the rotor 
the field distribution is symmetrical towards the y and x 
axes The operation flux density of the bearing is 
B=0.9T. The second picture (Fig. 5b) shows the field 
distribution under the same iby= ibx =5A excitation 
current, but the rotor shifted at y=0.5mm position. In the 
upper electromagnets the maximum value of the flux 
density amounts B=1.4T. The B value depends on the 
rotor shifting. 
Based on multi-variant field calculations, we obtained 
the field integral parameters for many positions of the 
shaft and different current values. The dynamic 
inductance of the windings depends nonlinearly on the 
control current (Fig. 6). 
Using a virtual work method, we computed the 
magnetic force components, which act on the bearing 
shaft. The force characteristics are presented in Fig 7. It 
can be seen, that the force characteristics are nonlinear. 
We also calculated the current and displacement 
stiffness coefficients for many points of the shaft 
location. They are presented in Fig. 8. 
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Fig. 6. Dynamic inductances Ldy under control current icy and 
rotor displacement in y axis 
 
 
 

 
Fig. 7. Magnetic force vs. icy and y 
 
It is visible, that the difference between minimal and 
maximal value of the displacement stiffness is about 
150 N/mm. In the case of the current stiffness 
coefficient, the maximal value is about two time higher 
than the minimal value. 
 

4. Simulation and experimental results 
 

The control tasks have been realized on the 32-bit 
microcontroller LPC2144, which has been 
manufactured by NXP company. It contains very 
efficient ARM7TDMI-S core, 256kB Flash memory, 
10-bit A/D converter with maximum conversion 
frequency 400 kHz, PWM generator based on the single 
chip. Position for digital conversion has resolution 
2.44m/bit. The current for digital conversion has 
resolution 60 mA/bit.  
The position of the rotor is measured by Turck contact-
less inductive sensors Bi4-M12-LiU-H1141 with 
measuring range (0.5÷3) mm and 200Hz cut-off 
frequency. The position sensors are located in each 
Cartesian axis. 
 
 

 
a) 

 
 
b) 

 
Fig. 8. Displacement (a) and current (b) stiffness vs. icy and y 
 
The AMB windings are supplied with four modules of 
the PWM switching amplifier with power of 700VA per 
channel. Each of them consists of single-phase H-bridge 
circuit, current sensor and over-current control circuit. 
The power amplifiers are controlled by PWM wave 
with 25kHz frequency and variable duty cycle, [9]. 
Current controllers operated with sampling frequency of 
10 kHz. The position controllers operated with 
sampling of 1kHz. 
We compared the measurements with the field-circuit 
modeling results for the lifted AMB’s shaft. In the 
calculations, we assumed that the force in each direction 
is generated by the electromagnets which act along the 
one cartesian axis. For example, the electromagnets 
placed along the x control axis does not influence the 
force in y directions. Also the eddy currents and 
hysteresis phenomena’s was neglected. Thus, the 
prototype of AMB could have a little bit different 
characteristics than the modeled ones. 
The time response of the AMB currents has been 
presented in Fig. 9. 
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a)

 
b) 

 
Fig. 9. Time response of current in windings a) i1, b) i2 

 
We measured the i1 and i2 currents. They represent 
characteristics for both x and y axes of the AMB. 
Figure 10 shows the current waves. We can determine 
the settling time of the currents in the analyzed AMB. 
The values of the calculated and measured characteristic 
differs each to other. It is due to the numerical model 
assumptions. In the prototype of the AMB (where the 
PID coefficients have been assumed for the calculation 
model) we observed similar nature of the current 
response. It concerns not only the number of the 
maximum values but the rising of the curves. 
The overshoot in the numerical model is 8 times higher 
as in the prototype of AMB. However, the amplitude of 
the shaft vibration (in first two time cycles) is higher for 
the prototype. Taking into account the time response, 
we determined the shaft trajectory within the air gap in 
the AMB actuator. We compared the trajectories 
achieved from calculations and measurements, Fig. 11. 
It is visible, that the measured trajectory is more 
efficient, than the calculated ones. Due to the 
calculation assumptions, the numerical model differs 
from the prototype. However, the curve character of the 
characteristics is close to the measured one. Thus, the 
numerical model of AMB can approximate the 
produced prototypes. 
 
 
 

a) 

 
b) 

 
 

Fig. 10. Time response of the AMB shaft displacement 
respectively in x and y directions 
 

 
 

Fig. 11. The AMB shaft trajectory within the air gap 
 

5. Conclusions 
 
In the work, we have taken under consideration a non 
typical construction of the AMB. The current and rotor 
response for the non symmetrical construction have 
been analyzed. 
The calculations of integral field parameters have been 
carried out with FEM for nonlinear boundary problem. 
In this work, the magnetic bearing has been analyzed in 
terms of coupled mathematical models for both the 
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magnetic field analysis and time-stepping model for 
analysis of transient by the solution of the differential 
equations. From the equations, the equivalent diagram 
for calculations of transients has been created. Including 
the PID controller’s transfer functions and the diagram 
the currents and responses have been modeled for many 
variants of the construction. 
From tests the experimental AMB system it was found, 
that the numerical model can approximate the rotor 
response in the AMB. The measured rotor trajectories 
have been compared with the calculated ones. Some 
differences for the current and rotor displacement waves 
responses arise from numerical model assumptions. 
They are also due to inaccuracies in very complicated 
measurement and errors in positioning of the sensors as 
well as the stiffness coefficient’s agreement. 
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Abstract: Among electric motors, induction motors are 
the most used both in home appliances and in various 
industries. The simplicity and ruggedness of squirrel-
cage induction motor make it by far the most commonly 
used type of electric motor. As induction motors have 
become quite common in nowadays world, they are 
often used in critical duty cycles, where different 
failures can mean costly downtime and major economic 
expenses. To minimize those expenses, it is often 
reasonable to use condition monitoring or diagnostic 
systems, in order to find and define the failures before it 
is too late or not reasonable to repair the faulty motor. 
This paper compares three diagnostic methods used on a 
three-phase squirrel-cage induction motor with broken 
rotor bars and analyses the possibilities of induction 
motor fault diagnostics via the analysis of stator current. 
 
Keywords: Induction motor, rotor faults, diagnostics, 
stator current, broken rotor bars, FFT, Clarke 
transformation, current vector amplitude oscillation. 
 

1. Introduction 
 

In developed countries today there are more than 3 kW 
of electric motors per person and most of it is from 
induction motors [1]. They are used in every household, 
as well as in different factories and power plants. 
Induction motors in industries are very popular due to 
their ruggedness, low cost and good performance. This 
is also the reason why they are very often used in 
critical duty drives where a sudden failure can cause 
inadmissible safety risks and economic expenses. 
Different failures can occur in electrical drives and one 
of the most common faults is the broken rotor bars. The 
majority of all stator and rotor faults are caused by a 
combination of various stresses, which can be thermal, 
electromagnetic, residual, dynamic, mechanical or 
environmental [2]. Some of the reasons that can lead to 
cracking or broken rotor bars are as follows: 

1) Thermal stress due to over-load, non-uniform heat 
distribution, hot spot and arc. 

2) Magnetic stresses due to electromagnetic forces, 
magnetic asymmetry forces, noises and 
electromagnetic vibrations. 

3) Residual stress from the fabrication process. 
4) Dynamic stress due to rotor axial torque and 

centrifugal forces. 
5) Circumferential stress due to wearing and pollution 

of rotor material by chemical materials and 
humidity. 

6) Mechanical stress due to mechanical fatigue of 
different parts, bearing damage, loosened 
laminations etc. [3] 

Broken rotor bars are not only one of the most common 
faults but also one of the most uncomfortable ones. 
Although this failure can be detected quite easily in 
practice, the exact number of broken bars and their 
location is almost impossible to determine. When a fault 
like this increases the magnetic field becomes more and 
more asymmetrical due to the lack of induced currents 
in faulty rotor bars. This leads to local saturation in 
stator and rotor teeth near broken bars and 
unproportional distribution of magnetic field in the air 
gap. It can trigger several electromagnetic phenomena 
like increase of higher harmonic components, 
development of inverse magnetic field, torque pulsation, 
unbalanced magnetic pull etc. All these phenomena are 
undesired because they decrease the reliability of the 
induction motor and the whole drive. [4] 
As calculations have shown, the worst case of 
asymmetry is, when faulty bars are concentrated close 
together one by one under the same magnetic pole. 
Researches have verified that such case is also most 
probable in practice, because the increase of current is 
the highest in the bars near the broken one and so under 
highest thermal stress. When the same number of 
broken bars is situated under different poles the 
asymmetry is less expected. [4] 
Broken rotors bars can lead to vibration problems, but 
more likely, in severe cases, the bar pounds out of the 
slot and makes contact with the stator core or 
winding [2]. However, resistance of broken bars is very 
high in comparison with the resistance value of healthy 
cage, which causes unproportional distribution of rotor 
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currents. Parts of the rotor currents, which are unable to 
flow in broken bars, are flowing in adjacent bars. This 
increases the rms value of currents in the bars next to 
the broken ones. Although the currents of broken bars 
are flowing in adjacent bars, the entire sum of rotor 
currents is lower than in the case of healthy rotor. Too 
high current density leads to overheating in these bars 
and the fault propagates until the rotor cage is 
destroyed. [4] 
The biggest problem of those faults is that it is often not 
worth or possible to repair the rotor. However all of this 
can be avoided, when the motor is supervised by an 
appropriate condition monitoring or diagnostic system. 
 

2. Diagnostic methods 
 

During the past twenty years there has been a 
continually increasing interest and investigation into 
induction motors fault detection and diagnosis. As this 
interest has grown, the literature has also grown [5]. 
Many different techniques can be found for the fault 
diagnostics of an induction motor rotor. To perform the 
tests, fast Fourier transform and Clarke transformation 
were selected as sufficient diagnosis techniques. Also, it 
was found reasonable to use the monitoring of the 
current vector amplitude oscillation. This method is not 
usually described in modern literature concerning 
induction motor rotor fault diagnostics using the 
analysis of stator currents, but it proved to be a good 
indicator for the state of the rotor. This method is 
described in the “Analysis” section. 
 
2.1. Fast Fourier transform (FFT) 
 
Fourier analysis is very useful for many applications 
where the signals are stationary, as in diagnostic faults 
of electrical machines [6]. Its purpose is to monitor a 
single-phase stator current. This is accomplished by 
removing the 50 Hz excitation component through low-
pass filtering and sampling the resulting signal. The 
single-phase current is sensed by a current transformer 
and sent to a 50 Hz notch filter where the fundamental 
component is reduced. The analog signal is then 
amplified and low-pass filtered. The filtering removes 
the undesirable high-frequency components that 
produce aliasing of the sampled signal while the 
amplification maximizes the use of the analog-to-digital 
converter input range. The analog-to-digital converter 
samples the filtered current signal at a predetermined 
sampling rate that is an integer multiple of 50 Hz. This 
is continued over a sampling period that is sufficient to 
achieve the required fast Fourier transform. [7] 
Induction motor faults detection, via fast Fourier 
transform based stator current signature analysis, could 
be improved by decreasing the current waveform 
distortions. After all, it is well known that motor current 
is a non-stationary signal, the properties of which vary 
with the time-varying normal operating conditions of 
the motor. As a result, it is difficult to differentiate fault 
conditions from the normal operating conditions of the 
motor using Fourier analysis. [6] It will be easier, if the 
figures of healthy motor state are used as comparison 

material for the faulty rotor figures and peculiarities of 
local electrical grid are noted. 
 
2.2. Clarke transformation 
 
As fault detection based only on the fast Fourier 
transform can be quite difficult, other diagnostic 
methods should also be taken in consideration in order 
to make appropriate decisions on the state of the tested 
motor. 
A two-dimensional representation can be used for 
describing three-phase induction motor phenomena. 
This transformation can be made using Clarke vector (or 
Park’s vector) 
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i i
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            (1) 

 
where ia, ib, and ic are phase currents, iα and iβ are alpha 
and beta components of the current. 
Its representation is a circular pattern centered at the 
origin of the coordinates (Fig. 1).  This is a very simple 
reference figure, which allows the detection of an 
abnormal condition due to any fault of the machine by 
observing the deviations of the acquired picture from 
the reference pattern [8]. 
 

 
 

Fig. 1. Stator current Clarke vector pattern [7] 
 
The healthy pattern differs slightly from the expected 
circular one, because supply voltage is generally not 
exactly sinusoidal [9]. Pattern of the rotor with broken 
bars is however more of an ellipse shaped one. 
 

3. Experimental setup and measurements 
 

Technical data of the tested induction motor (Fig. 2):  
 
Un = 177 V 
In = 14.8 A 
nn = 1456 rpm 
Tn = 20 Nm 
f = 50 Hz 
cosφ = 0.785 
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Fig. 2. Experimental setup for motor testing 
 
Two different motor states were used for the 
measurements. First series of measurements were done 
with a healthy rotor and the second series with a faulty 
rotor, containing seven broken bars, situated under the 
same magnetic pole next to each other (Fig. 3). Thus, 
the measurements provided two sets of results: one 
healthy set and one set with a faulty rotor in a very bad 
shape. 
 

 
 

Fig. 3. Magnetic field distribution in the cross section of a 
3 kW induction motor at nominal load operating condition: 
left – healthy rotor cage, right – faulty rotor cage with seven 
broken bars (shaded) [10] 

 
To apply torque to the motor, an electromagnetic brake 
was used. As the nominal moment of the motor is 
20 Nm and the length of the handle of the magnetic 
brake is 0.5 m, the measurements were taken from 
0…40 N, when measured by the force sensor at the 
furthest point of the handle from the motor. 
The measurements were performed in two different 
series. In the first, a healthy rotor and in the second, a 
rotor with seven broken bars was used. During all these 
tests four different values were measured: 

Ua – first phase voltage, 
Ub – second phase voltage, 
ia – first phase current, 
ib – second phase current. 

Measurements were done while applying different 
torques. Torque values were chosen so that the torque 
would rise step by step: starting from 0 Nm, continuing 
with 5; 10; 15 and ending at 20 Nm, being the nominal 
moment of the motor. 
Also all measurements were performed in two different 
time bases (10 and 100 ms). Two different time bases 
were chosen in order to have more data before starting 
the analysis. This gave the opportunity to make the 
transforms in that time base, which is visually more 
traceable. 
A four-channel digital oscilloscope was used to obtain 
the oscillations of current and voltage at all the values 
mentioned before and results were saved as MATLAB 
files. All together 80 files were produced using all four 

channels of the oscilloscope, two different time bases, 
two different motor states and five different torque 
values. 
 

4. Analysis 
 

4.1. Fast Fourier transform 
 
According to the literature, fast Fourier transform 
should provide a good technique for finding out whether 
a rotor is healthy or not. The graph shows peaks of 
current in different frequencies and harmonics, so there 
should be a difference between the figures of a healthy 
rotor current and the current of the rotor with seven 
broken bars. In addition, the amplitude of the current 
should be different according to the torque applied to 
the motor. 
Different graphs were plotted. Those figures result from 
the measurements done with the time base of 100 ms, 
considering more periods of the measured signal 
available for the analysis. That yields better results. 
As seen from the two graphs (Figs. 4 and 5), the greatest 
difference is that the amplitude of current oscillation at 
the second harmonic (100 Hz) and the third harmonic 
(150 Hz) in the faulty motor is rising. This is the first 
sign that the motor may indeed be faulty. 
 

 
 

Fig. 4. Stator current spectrum of healthy motor with 0 Nm of 
torque applied 

 

 
 

Fig. 5. Stator current spectrum of faulty motor with 0 Nm of 
torque applied 

 
The next figures (Figs. 6 and 7) current spectra of the 
motor with 20 Nm of torque applied, meaning that the 
motor is running with the nominal torque. 
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Fig. 6. Stator current spectrum of healthy motor on nominal 
torque 

 

 
 

Fig. 7. Stator current spectrum of faulty motor on nominal 
torque 

 
First, it should be mentioned that when applying more 
torque, also the current rises. Second, the shapes of the 
current peaks at the second (100 Hz) and third (150 Hz) 
harmonics are changing, which also should be a sign of 
a probably faulty motor when performing diagnostics. 
In addition, the current amplitude of the faulty rotor is 
higher than the one of the healthy motor. It can be 
particularly well observed by the peak of the first 
harmonic (50 Hz). According to these figures and the 
literature, it can be stated that the motor can be faulty in 
the cases shown in Figs. 5 and 7. Thus, fast Fourier 
transform can be used as an indicator of possibly faulty 
motor and broken rotor bars for diagnostic purposes. 
However, it should be taken into consideration that the 
current spectrum also shows peaks that derive from the 
peculiarities of the local electrical grid. In accordance to 
that, the parameters of the grid and graphs of healthy 
motor should be observed in order to make decisions 
about possible motor faults and it would be best, if these 
possible failures can be confirmed by the usage of some 
other diagnostic method in addition to fast Fourier 
transform. 
 
4.2. Clarke transformation 
 
Clarke transformation is an easy way to decide if the 
motor is healthy or not. As described before under 
“Diagnostic methods”, to perform the Clarke 
transformation, the phase currents (ia, ib, ic) are to be 
transformed into current alpha and beta components (iα, 
iβ), transforming a three-dimensional system into a two-

dimensional one. After the iα-iβ (d-axis; q-axis) graph is 
plotted, the healthy motor should have a graph that looks 
more or less like a circle and the faulty motor should 
have an ellipsoidal graph, both with the starting point of 
the coordinates in the middle of the figure. It should be 
mentioned that because the supply voltage is not ideally 
sinusoidal, neither will the circle for the healthy motor 
be perfect. 
After performing the Clarke transformation on the data 
gained from the measurements, something similar to the 
pattern in Fig. 1 and the theoretical text described before 
should be expected. 
As seen in these graphs (Figs. 8 and 9), the healthy 
motor figure is indeed in a more or less circular shape 
and the faulty one more close to an ellipse as referred to 
in the literature concerning this method. In addition, it 
was found that the absolute value of current is higher in 
the figure of the faulty motor. 
 

 
 

Fig. 8. Stator current Clarke vector pattern of healthy motor 
with 0 Nm of torque applied 

 

 
 

Fig. 9. Stator current Clarke vector pattern of faulty motor 
with 0 Nm of torque applied 

 
The following two figures are based on the Clarke 
transformation on a healthy and a faulty motor with the 
application of the nominal torque (20 Nm). 
As can be observed from these figures (Figs. 10 and 11), 
the current is higher in the faulty motor and the shape of 
the figure is not circular. Rather, it is similar to an 
ellipse. Thus, Clarke transformation can indeed be used 
as an indicator of the motor state. However, the greatest 
drawback is that although it shows whether the motor is 
healthy or not, no harmonics can be monitored as by 
implementation of FFT, so the amount of information is 
smaller. Nevertheless, it is an easy and simple method 
to judge on the state of the motor. 
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Fig. 10. Stator current Clarke vector pattern of healthy motor 
on nominal torque 
 

 
 

Fig. 11. Stator current Clarke vector pattern of faulty motor on 
nominal torque 

 
4.3. Current vector amplitude oscillation 
 
Clarke transformation was followed by monitoring the 
current vector amplitude oscillation. The aim was 
primarily to find out whether or not there are changes in 
the figures according to the state of the motor and 
torque applied to it. This is also a simple procedure if 
Clarke transformation is already performed. After 
Clarke transformation only one simple formula is 
required to acquire the graph of the current vector 
amplitude oscillation: 
 

2 2Cvao i i                  (2) 

 
After completing this calculation, graphs (Figs. 12 and 
13) can be plotted. 
Difference is clear. Amplitude of the faulty rotor current 
vector is much higher and should be even more drastic 
when the nominal torque is applied and indeed, the 
results obtained on nominal torque were as expected. 
The difference of the healthy and faulty motor graphs 
(Figs. 14 and 15) appears even greater. It should be 
mentioned that the rise of the amplitude results also 
from the torque applied. This leads to a rise in current. 
Nevertheless, this method allows deciding on the state 
of the motor based on the analysis of the stator current 
measurements. 

 
 

Fig. 12. Current vector amplitude oscillation of healthy motor 
with 0 Nm of torque applied 
 

 
 

Fig. 13. Current vector amplitude oscillation of faulty motor 
with 0 Nm of torque applied 
 

 
 

Fig. 14. Current vector amplitude oscillation of healthy motor 
on nominal torque 

 

 
 

Fig. 15. Current vector amplitude oscillation of faulty motor 
on nominal torque 
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5. Conclusion 
 
All the measurements and analyses were done in 
laboratory conditions but it should be taken into account 
that the voltage supply during the measurements was 
not ideal in view that it was not perfectly sinusoidal. 
This provides an explanation to the figures that appear 
not exactly the same as in the literature describing the 
methods and not always quite the same as expected. 
Non-ideal sine waves have an effect on the outcomes of 
the current figures and some unexpected peaks and 
curves in the graphs. 
All of the three methods used to analyze the 
measurements are good indicators on whether the motor 
is healthy or not. Each method has its drawbacks and 
positive sides. However, in general it is certainly 
possible to decide on the motor rotor state using only 
the signals of the stator current and analyzing them. The 
differences are very clearly shown in the figures and the 
faulty motor is noticeable. 
A major drawback of this kind of diagnosis is that it is 
essential to know all the parameters of the healthy 
motor as well as the peculiarities of the local electrical 
grid, before final decisions about the motor failures can 
be made. Another aspect that should be mentioned is 
that the computational power required for the analysis is 
rather large. Without proper knowledge and software it 
is not possible to make all the transformations and 
graphs so easily. 
The benefit is that on-line monitoring makes the 
detection of a fault easy. If all the procedures are done 
correctly, then the faults will appear on the graphs. 
Also, when the drive is monitored, the faults of the rotor 
will be detected on an early stage, which makes the 
economical losses smaller and gives better possibilities 
of continuation the exploitation of the motor. When 
using that kind of monitoring it will not be necessary to 
stop the motor of running in its stage of work. All the 
needed procedures can be done without changing the 
working cycle, the disturbing of which can cause 
unnecessary economical losses. 
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Abstract: The paper considers specific modes of 
formation of steady-state and dynamic characteristics 
of electric drives with flat construction of linear 
induction motors (LIM) at different commutation of 
windings of magnetically and electrically double-sided 
LIM. The control mode of linear induction motor is 
analyzed when one three phase winding of 
magnetically and electrically double sided motor is 
supplied by industrial network and the other three 
phase winding is supplied by voltage of the same 
frequency but shifted in phase. 
 
Keywords: electrically and magnetically double sided 
linear induction motor, different ways of commutation 
of LIM inductor windings, controlled three phase 
voltage source, steady-state and dynamic 
characteristics of linear electric drives. 
 

1. Introduction  
 

Application of electric drives with linear induction 
motors in mechatronic systems, whose elements of 
actuators move by translation motion or excursion, 
gives possibility to eliminate additional kinematics 
chains, used for conversion of motor rotational 
movement to translation and to control mechatronic 
system by unconventional modes, impossible for 
revolving drives. That allows simplifying the 
mechatronic system and reducing its cost. Therefore 
the area of application of linear induction motors 
becomes wider constantly [1, 2].  
The industrial automation usually uses small power 
linear induction motors with linear force-speed 
characteristics in operation range of slip from zero to 
unity. The synchronous speed and starting force [3] 
determine these drives totally. The starting force can be 
changed (controlled, matched) by those unconventional 
modes:  
1. The starting force of electrically and magnetically 

two-sided motor can be changed by connecting of 
inductors windings in parallel, series or using only 
one winding of inductor (in this case LIM operates 

as magnetically two-sided and electrically one-
sided motor). 

2. Changing of non-magnetic gap between two 
inductors (air gap between each inductor and 
secondary element can remain equal or different; at 
least one inductor can be removed and LIM 
operates as electrically and magnetically one-sided 
motor. 

3. Shifting one inductor with respect to other in 
direction, perpendicular to movement direction; at 
the limitary case one LIM inductor is shifted out 
from the other at the secondary element width equal 
to inductor width, LIM operates as one-sided LIM 
or as double sided LIM, when the secondary 
element interacts with both two shifted inductors; 
the intermediate cases are possible. 

4. Rotation one or both inductors about axis 
perpendicular to secondary element (the force, 
developed by inductor decreases proportionally to 
cosine of rotation angle. 

5. Tilting one or both inductors with respect to the 
secondary element surface in order to change 
equivalent nonmagnetic gap between inductors. 

6. Force, developed by LIM, can be changed applying 
variable cross area and variable resistivity of 
secondary element. 

7. Force–speed characteristic can be formed by 
shifting one inductor of electrically and 
magnetically double-sided LIM in direction with 
secondary element movement. 

8. LIM force can be controlled by supplying one LIM 
inductor by industrial network frequency and other 
– by the same frequency from changeable phase 
source. 

9. Dynamic characteristics of linear induction drive 
can be formed by switching on and off one of LIM 
inductors at proper time instants by electronic 
switch, when the other inductor remains constantly 
supplied. 

10. LIM with short secondary element can operate as 
catapult, which dynamic characteristics can be 
determined by setting initial position of secondary 
element with respect to inductors. 
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Here are listed just specific (unconventional) methods 
to form force-speed characteristics of linear induction 
drives. Nevertheless for control of linear induction 
drives all methods, applied to control of revolving 
induction motors, can be used, for example, frequency 
control, pulse control (corresponding to the 9th item, or 
control by changing amplitude of the supply voltage. 
 
2. Formation of LIM force-speed characteristics by 

changing windings connection mode and gap 
between inductors 

 
Figure 1 presents experimental force-speed 
characteristics of LIM, designed for large cross area 
damper with moving part, aligned with secondary 
element. Figure 1 indicates that selection of inductor 
windings connection way allows to change LIM 
starting force in great range, at applications of the same 
damper both for fire and explosions localizing, when 
the great speediness of damper is required with great 
time duration between operation processes; and for 
technological applications where high requirements for 
operation speediness are not necessary and the strength 
of beat to shock-absorber from frequent switching of 
the damper have to be limited. 
 

 

Fig. 1. Dependence of experimental characteristics of LIM 
starting force against nonmagnetic gap between two 
inductors at different connection ways of windings; 1 – 
parallel connection, 2 – supplied only one inductor, 3 – series 
connection of inductor windings 
 
During matching process of those dampers it is 
possible to choose desired nonmagnetic gap between 
LIM inductors and ensure required force as well as 
compensate shortcomings of calculations and 
manufacturing by this way. 
 
3. Control of LIM by changing phase shift between 

inductor supply voltage 
 

In the case when soft changing of LIM starting force 
requires it is possible to apply LIM control by shifting 
one inductor with respect to other in direction of LIM 
secondary element movement [4]. The similar result 
can be achieved by supplying one inductor from 
industrial network and other one from converter of 
changeable phase (Fig. 2.), which voltage and 
frequency are equal to those of industrial network. 
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Fig. 2. Linear induction drive with phase control: R is 
rectifier with filter, AI – autonomous converter, ZC – zero 
indicators, T – timers  
 
LIM supply voltage diagrams are shown in Fig. 3. Here 
UA, UB, UC are voltages of industrial network, voltages 

'
AU , '

BU  and '
CU  correspond to phase converter 

voltages of industrial  frequency and amplitude. 
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Fig. 3. Diagrams of LIM supply voltages 
 
Fig. 4 shows inverter control pulse diagrams of IGBT 
transistors. Delay time t corresponds to phase angle  
between three-phase system voltage.  
Dependence of relative starting force against phase 
angle between supplying voltages of inductors is 
shown in Fig. 5. 
This angle can be chosen by program in dependence on 
required starting force, which in calculated according 
to formula, similar to that applied in case of shifting 
inductors along each other [4]: 
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where: m1 is number of LIM inductor phases; a1 and a2 

are approximation coefficient; ε0N is magnetic number 
of Reynolds of stopped LIM; Φ0 is sum of magnetic 
flux at phase angle between LIM supplying voltages φ 
= 0; c1 is coefficient of LIM phase winding; f1N is 
frequency of supply voltage; XP1N is magnetizing 
reactance of LIM; v1N is synchronous speed. 
It is possible to apply output voltage modulation 
inverter too [5]. 
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Fig. 4. Diagrams of transistor control pulses of autonomous 
inverter and supply voltage of LIM inductor 
 

4. Formation of LIM dynamic characteristics by 
switching one of LIM inductors 

 
LIM can be controlled by thyristor commutator in the 
way that at one time range LIM could operate as 
magnetically two-sided, electrically one-sided motor 

and in the other range as magnetically and electrically 
two-sided motor (Fig. 6). These regimes can be varied 
by different modes for forming required dynamic 
characteristics of linear electric drive. 
 

 



  
 

Fig. 5. Dependence of relative starting force against phase 
angle between LIM supplying voltages 
 

 U

1

2 3 
4

5 6 

U 

7 

v 

 
 

Fig. 6. Linear electric drive with two LIM: 1, 7 is thyristor 
commutators; 2, 6 are electrically one-sided magnetically 
two-sided inductors; 3, 5 are magnetic shunts, 4 is common 
secondary element of LIM 
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Fig. 7. Computer model for forming of dynamic characteristics 
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Fig. 8. Dynamic characteristics of electric drive with LIM 
 
Electric drive, operating by described above mode, 
could reach speed v2 just after time interval t3, which is 
greater than desired. Nevertheless, if the second 
inductor winding is connected at time instant t2, the 
speed of LIM secondary element increases during 
required time interval up to v2.  
Obviously, starting of the magnetically and electrically 
two-sided LIM, the speed v2 of electric drive could be 
reached during shorter time interval t2. 
 

5. Conclusions 
 

1. Specific properties of LIM (two induction 
windings, freely chosen nonmagnetic gap and 
others) allow by simple means, nonapplicable for 
revolving motors, form steady-state and dynamic 
characteristics. 

2. Control of LIM starting force by changing supply 
voltage system phase of one inductor is equivalent 
by shifting of one inductor in direction of the 
movement.  

6. References  
 

1. Boldea I. Linear electric actuators and their 
control: a review //Proceedings of the 10th 
International Conference European Power and 
Drives Association PEMC 2002, 9 – 11 September 
2002, CavtatDubrovnik, Croatia. p. 12 – 19. 

2. Rinkevičienė R., Poška A. J., Smilgevičius A. 
Tiesiaeigės mechatroninės sistemos. Teorija ir 
taikymas. Monografija. Vilnius: Technika, 2006. 
224  

3. Savickienė Z., Poška A. J. Simplified calculation 
of linear induction drives characteristics. 
Electronics and Electrical Engineering, No. 5(77), 
Kaunas, 2007. p. 15-18. 

4. Poška A. J., Savickienė Z., Šlepikas A. Control and 
adjustment of linear induction motor starting force. 
Electronics and Electrical Engineering, No. 2(98), 
Kaunas, 2010. p. 21-24. 

5. Baskys A., Bleizgys V., Gobis V. The Impact of 
Output Voltage Modulation Strategies on Power 
Losses in Inverter. Electronics and Electrical 
Engineering, No. 6(94), Kaunas, 2009. p. 47-50. 

6. Rinkevičienė R., Petrovas A. Dynamic models of 
controlled linear induction drives. Elektronika ir 
elektrotechnika, No. 5(61), Kaunas, 2005. p. 23-
27. 

7. Rinkevičienė R., Petrovas A. New model of linear 
induction drive. Elektronika ir elektrotechnika, No. 
2(51), Kaunas, 2004. p. 25-28. 

 

254



 

The 6th International Conference on 
Electrical and Control Technologies 
May 5-6, 2011, Kaunas, Lithuania 

 

 ANALYSIS OF ELECTRIC FIELD IN 330 kV OVERHEAD TRANSMISSION LINE 
 
 

Ramūnas DELTUVA, Juozapas Arvydas VIRBALIS, Stasys ŽEBRAUSKAS 
The Department of Electrical Engineering, Kaunas University of Technology, Lithuania 

 
 

 
Abstract: 330 kV overhead power lines and open-type 
switch-gears represent one of the main and most 
powerful sources of electric field generation within 
electric power systems. 330 kV overhead power lines 
and open-type switch-gears generate intense electric 
fields, when they are connected into the general electric 
power system with industrial frequency of 50 Hz. 
Values of electric field magnitudes can exceed the 
maximum allowable values in particular areas, resulting 
in disturbance of electronic equipment operation and 
posing health hazards to people operating and carrying 
out maintenance thereof. Thus, the way for evaluating 
the generated electric field is suggested here. 
 
Keywords: 330 kV overhead power line, linear charge 
density, electric field strength, electric flux density. 
 

1. Introduction 
 
Recently, issues regarding influence of an industrial 
electric field on operation of electronic equipment and 
health of operators are being more and more often 
tackled. 
In European Union, regulating standards exist limiting 
maximum electric and magnetic field values that pose 
risk to human health and may damage the electronic 
equipment. Recent studies highlight that negligible 
electric and magnetic fields can be harmful for persons 
working at the powerful electric equipment, too. 
According to the directive 2004/40/EC of the European 
Parliament and of the Council valid in old EU member-
states since 29/04/2004, the electric field strength 
should not exceed 10 kV/m at workplaces [2, 3]. 
Implementation of this particular directive is delayed in 
Lithuania, whereas the fundamental document 
regulating the limit values of electric and magnetic 
fields and having implications for human health is the 
Lithuanian Hygiene Norm HN110:2001 “The allowable 
numerical levels for the parameters of the 
electromagnetic field of industrial frequency at 
workplaces” that came in to effect on  
01/01/2002. The electric field strength should not 
exceed 5 kV/m per working day (8 hours) [2, 4]. These 
particular norms will be valid in Lithuania until 
30/04/2012. However, a tendency to reduce the 

maximum allowable value of the electric field strength 
is currently under consideration in EU. The maximum 
electric field strength should not exceed 10 kV/m 
depending on the time of worker exposure to electric 
field at workplace.  
330 kV power transmission lines and open-type switch-
gears represent the main and most powerful sources of 
electric field generation within electric power systems 
that generate powerful electric fields at the frequency of 
50 Hz. Consequently, study of electric field generated 
by 330 kV overhead power lines and open-type switch-
gears deserves our attention.  
 
2. 330 kV three-phase power transmission lines 

and bus-bar systems 
 
The 330 kV overhead power lines and the open-type 
switch-gears represent a system of static electric 
devices. They are used to transmit and distribute 
electrical power at high voltage of 330 kV, and at a 
current of 1600 A. Such a technique of electrical power 
supply is used in order to maximize the coefficient of 
efficiency in transmission of electrical power over long 
distances. The 330 kV open-type switch-gear and 
transmission line are comprised of three-phase 
sinusoidal current electrical devices the entire set of 
which, when connected into a general power system, 
makes its integral part. Electrical devices in the 330 kV 
open-type switch-gear are designed and fit for operation 
outdoors, i.e., their operating regimes are independent 
of weather conditions (such as high or low 
temperatures, rain, snow, frost, wind, etc.). All of these 
devices are three-phases and arranged in sequence by 
phases: phases A, B, and C of alternating current. 
Consequently, strong electric fields are generated in 
330 kV open-type switch-gear and transmission line 
around electrical devices, transmission wires and 
connecting wires in a particular distance. 
The 330 kV power transmission lines and distribution 
devices of power-stations and substations normally use 
three-wire or bus-bar systems. In these systems the 
wires or bus-bars are arranged horizontally, vertically or 
triangularly. In this particular case under consideration 
the wires or bus-bars are arranged horizontally and 
symmetrically. 
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3. Electric field calculations using method of images 

 
The method of images is used to calculate electric field 
(to find the potential of any point in a field and electric 
field strength as functions of coordinates), which is 
generated by a cylindrical conductor stretched parallel 
with the flat conductive surface and having a positive 
charge, with its linear density . 
Such a conductor creates a plane electric field which is 
the same in all the planes perpendicular to the 
conductor. As the conductor has a uniform potential 
along its entire surface, the electric field under 
consideration is replaced by the field where the plane, 
coincident with the plane of the conductive surface, has 
the same potential, too, and the electric field itself is 
created with respect to the known electric charge , 
and the plane of its image  (see Fig.1). 
Mathematically, both electric fields are defined using 
the same equations, and boundary conditions of these 
electric fields are the same, too. As the electric field is 
perpendicular to the equipotential conductive surface, 
the absolute values of charge density in both real and 
imaginary conductors are the same.  
The potential of any point M in this electric field is 
calculated based on the superposition principle, by 
summing up the potentials of the fields created by each 
of the charges  and  at this particular point. For this 
purpose, the following electrostatic field potential 
formula of the electric axis with the charge  is used: 
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Fig. 1. Components of the electric field strength vector  
 
where r1 and r2 are the distances of the point M to the 
conductor and to its image, respectively, ε0= 121085,8   
F/m – the electric constant, εr – the relative dielectric 
permittivity of air. 
The electric field strength at the point M is calculated 
using the following dependence: 
 
 .grad MM VE   (2) 

 
This electric field strength at the point M is calculated 
by summing up vectors E and E, that are created at 
the point M by the electric charge densities  and .  
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If there are some charged conductors, the principle of 
superposition should also be used for calculation of the 
electric field created by electric charges and their 
images.  
 

4. Calculating of the three-phase 
conductor system electric charge density  

 
For the purpose of calculating the electric field of power 
transmission line, some well established methods of 
electrostatic field calculation will be used. The speed of 
variation in industrial-frequency electric field is very 
low, the electric field can be considered to be constant 
at any point in time during calculation, i.e., the 
electrostatic field. 
In electrostatics it is well known how to calculate the 
total electric field of the system of charged solids, 
situated near the conductive plane. This task was being 
tackled by Maxwell using the image method. Let’s 
formulate the task of interest to us. 
We’re dealing with the electric field of the three-phase 
conductor system, where the conductor system is 
comprised of long round cylindrical conductors 
stretched parallel to the flat conductive surface and 
having charges, electric densities of which are i (i=A, 
B, C). Such system is showed in Fig.2. These charge 
densities remain unknown. Let’s assume radiuses of 
conductors ri  hi  to be significantly less than the 
distance from ground plane to conductors. The 
inclination of conductors will not be taken into 
consideration. In that case the electric field generated by 
this system can be considered to be plain and the same 
at each plane perpendicular to conductors. 
 

 

Fig. 2. Distribution of the electric charge densities  
 
We replace the electric field where charge distribution 
with respect to the plain conductor surface is unknown, 
by the electric field of electric charges i and their 
images i. It is assumed that distances of all the 
conductors to ground surface are the same and equal to 
h. The distances from images will be equal and the same 
h*=h, too.  
The potential of electric field of electric charge i and its 
image i at the field point M is found by expression:  
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The potential at the point M, determined by all the 
charges i and their images i (i=A, B, C), is calculated 
using the superposition principle as follows: 
 

.ln
επε2

ln
επε2

ln
επε2 τC

τC

0r

C

τB

τB

0r

B

τA

τA

0r

A
M r

r

r

r

r

r
V  

  (5) 

 
Potentials of conductors Vi (i=A, B, C) and their charge 
densities i (i=A, B, C) are interrelated as shown in the 
following system of equations: 
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In this system of equations, α11=α22=α33, 
α12=α21=α23=α32, α13=α31 represent the coefficients of 
potentials that can be found as follows (see Fig.2). 
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where h=h*=6,5 m is a distance from ground surface to 
the centre of the conductor, and r=0,02 m is a radius of 
the conductor. 
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where aAB=aBC=4,5 m is a distance from the conductor 
with the charge density A to the conductor with the 
charge density B, and bAB

* represents a distance from 
the conductor with the charge density A  to the image 
B

*. 
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where cAC=2aAB=9 m is a distance from the conductor 
with the charge density A to the conductor with the 
charge densityC, and dAC

* represents a distance from 
the conductor with the charge density A  to the image 
C

*. 
Given the values of electric charge densities A, B, C, 
values of images of these charge densities A

*, B
*, 

C
* are taken with the opposite signs. 

In order to find out changes in charge densities per 
period of a sinusoidal electric quantity, calculations are 
made by changing the sinus argument by 10o, i.e., 
Δωt=10o.  
Instantaneous phase voltage values of the symmetric  
 
three-phase voltage system are interrelated as follows: 
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where Um represents an amplitude value of phase 
voltage. 
As the effective phase-to-phase voltage of the three-
phase 330 kV power transmission line is Ul = 359 kV, 
the effective phase-to-neutral voltage of this overhead 
power transmission line will be as follows: 
 

 .kV28,207
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Value of the amplitude phase-to-neutral voltage Umf is 
equal to:  
 

 .kV1,2932fm UU   

 
Consequently, using equation (10), values of 
instantaneous voltages are calculated for each Δωt=100. 
 

5. The electric field of the three-phase 
conductor system  

 
In some field point M the electric field strength Ei, 
created by one conductor can be calculated using the 
expression: 
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where τi represents an electric charge density, that can 
be found from the system of equations (6), in C/m, ri is 
a distance between the spatial point M and phase wire of 
the power line, in m (Fig.3), and E is the electric field 
strength, in V/m. 
The total electric field strength at the plane of the three-
phase bus-bar system (Fig.3) is calculated as follows: 
 
 ;22

yx EEE   (12) 

 
where Ex, Ey represent x and y components of the 
electric field strength vector [1]. 
Further, let’s examine how E values change with the 
point M moving among phase power line conductors. 
Position of the point M with respect to the ground is 
y0=yM. The electric field strength vector created at the 
point M, Ei, is comprised of the positive Ei(+) and 
negative Ei(-) components (i=A, B, C) that result in the 
following when scattered in directions of x and y axes 
[1]:  
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In Fig.3 the coordinate y of the point M is yM. The wire 
height above the ground surface level is yA= yB= yC= h. 
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Images of conductors, A*, B*, and C*, are located at the 
same distance from the ground surface level along the y 
axis. Distances from conductors to the point M along 
the x axis are:  
1. xAM= xA + xM the distance from phase A to the point 
M; 
2. xBM= xM the distance from phase B to the point M; 
3. xCM= xM - xC the distance from phase C to the point 
M. 
Images A*, B*, and C*, are located at the same distance 
from the point M along the x axis [1]. 
 
 

 
 

Fig. 3. Components of the electric field vectors at the point M 
 
In accordance with the scheme presented in Fig.3 the 
components of vectors Ei(+)x, Ei(-)x, Ei(+)y, and Ei(-)y, (i=A, 
B, C) are calculated as follows: 
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where, ri and r*i (i=A, B, C) is lengths of distances from 
phases and their images to the point M, respectively. 
The lengths ri, r*i (i=A, B, C) can be calculated in 
accordance with Fig.3 as diagonals of triangles: 
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where xiM (i=A, B, C) are distances from conductors or 
their images to the point M along the axis x. 
Values of the angles αi, α

*
i (i=A, B, C) are used to 

evaluate the position of the conductors’ phases in the 
three-phase system, or their images, and the reference 
point M, with respect to the ground surface and the 
distances from them. Values of these trigonometric 
functions are found based on the scheme in Fig.3. In 
general case, the angles αi, α

*
i are calculated in the 

following order of priority: 
1. Angles αi, or α*

i are deducted between electric field 
vector Ei(+) of the conductor or it image and the 
measurement point M position with respect to the 
ground surface. 
2. They can be calculated as arctan functions of the 
suitable ratios:  
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3. Functions cosαi and sinαi of the angle αi, or α*

i, are 
calculated with the sign “±”, depending on the quarter 
of the trigonometric functions cosαi and sinαi, in which 
the electric field vector Ei(+) is calculated. 
For the purpose of mathematical calculations of the 
electric field strength, the three-phase power system 
with AC conductors was selected which was positioned 
in a height of 6,5 m above the ground surface. This is 
the system of intersecting bus-bars of 330 kV open-type 
switch-gear. Each distance between phases A, B, and C 
of the conductor are 4,5 m. The point M is 1,8 m above 
the ground surface. For the calculations results to be as 
price as possible, total 17 positions of the point M were 
selected at the distance of 1 m from each other and in a 
height of 1,8 m above the ground surface level as it is 
showed in Fig.4. 
 

 

Fig. 4. Positions of the measurement point M  
 
Table 1 presents results obtained through mathematical 
calculations of the electric field at the selected positions 
of the point Mi. As the table data shows, the maximum 
value of the electric field strength exists at the point M6 

and the point M12. These two points are positioned 
under the phases A and C of the three-phase conductor 
system, whereas the point M9, with the minimum value 
of the electric field strength, is located under the phase 
B of the three-phase conductor system. 
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Fig. 5. Distribution of the electric field strength  
 

We can see in Fig.5, that the electric field strength of 
phases A and C reduces proportionally with the 
measurement point Mi moving away from the three-
phase conductor system. At the distance of as much as 
4 m away from phases A and C, the electric field 
strength still exceeds 10 kV/m. Values of the electric 
field strength, depending on a distance and exceeding 
10 kV/m are highlighted in grey in Fig. 5. 
Given the results of calculations, it’s true to claim that 
values of the electric field strength exceed numerical 
values indicated in EU directive 2004/40/EC. The 
official regulation of the Lithuanian hygiene norms 
provides for limits of the duration of workers staying in 
locations highlighted in grey in Fig. 5. Exposure time 
must not exceed 60–90 min in these areas potentially 
harmful for the workers’ health. With the aim of 
reducing risk for workers’ health and ensuring safe 
working conditions, these areas in the electric field must 
be shielded and the duration of working time here must 
be minimized. 
 
Table 1. Values of the electric field strength 
 

l, m 1 2 3 4 5 6 
E,kV/m 7,5 10,5 12,5 14,5 15,8 16,3 
l, m 7 8 9 10 11 12 
E,kV/m 14,8 12,7 8,1 12,7 14,8 16,3 
l, m 13 14 15 16 17  
E,kV/m 15,8 14,7 12,3 10,6 7,6  

 

6. Conclusions 
 
1. The methodology was developed enabling to 
analytically calculate the electric field in the 
environment of the 330 kV power transmission line and 
bus-bar system. 
2. The electric field strength generated by the 330 kV 
bus-bar system exceeds maximum numerical limit 
values provided in EU directive (2004/04/EC), implying 
that electronic equipment and humans operating nearby 
are in danger. For the workers operating as close to the 
330 kV bus-bar system as 4,5 m or closer, duration of 
any works carried out in this area must be limited to 
90 min. Therefore, electric field strength must be 
minimized and shielded in these areas. 
3. The algorithm was made for simplifying and 
facilitating mathematical calculation of the angles αi, 
α*

i. 
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Abstract: Two-dimensional digital model for analysis of 
direct current corona field and induced electrohydro-
dynamic air flow field in wire-to-plane electrode system 
is presented. The model based on the finite-difference 
method in polar coordinate system for corona field 
computation is suitable to use in usual personal 
computers. Results of computation of current-voltage 
discharge characteristic are compared with experimental 
one. The digital model of electrohydrodynamic air flow 
field consists of finite-difference approximation of the 
Navier-Stokes equation and the continuity equation in 
Cartesian coordinates. Digital velocity values are 
checked experimentally. 
 
Keywords: field strength, spatial charge density, 
Coulomb force per unit volume, velocity components. 

 
1. Introduction 

 
There are many areas of industrial processes in which 
direct corona field is being used. Particle charge transfer 
technologies such as particle separation, mixing, 
cleaning, deposition are often used as well as 
continuous media technologies based on the heat and 
mass exchange processes. These processes are usually 
related to the secondary phenomenon induced by 
electric field of corona discharge and named as electric 
or ionic wind. Mathematical models of corona field and 
electrohydrodynamic air flow field consist of sets of 
partial derivative differential equations which are too 
complicated to solve by methods of mathematical 
analysis [1]. Therefore only numerical methods can be 
used for theoretical research of the phenomena and their 
applications. Many special program instruments based 
on finite element method, boundary element method, 
charge simulation method, method of characteristics, etc 
are being used [2]. Usually two-dimensional 
approximation of the field is employed [3]. Three-
dimensional numerical analysis is the most complicated 
[4]. In all the cases of numerical analysis the usage of 
supercomputers is needed. We propose there a 
numerical model of corona and electrohydrodynamic air 

flow field analysis based on the finite-difference 
method. This method is easy programmable. The model 
can be used in personal computer of usual capacity. 
 

2. Analysis of corona field 
 
We use the system of corona field equations in wire-to-
plane electrode system reduced to the Poisson's 
equation and the charge conservation equation. The 
finite difference approximation of the Poisson's 
equation in polar system of coordinates is the following 
[5]: 
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The partial derivatives of the charge conservation 
equation 
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There potential is represented by V and space charge 
density correspondingly by . Distances from the 
central node of polar grid O to the neighbour nodes P, 
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Q, R and S are denoted by aP, aQ, aR and aS. Boundary 
conditions for potential are of Dirichlet and Neumann 
type. Boundary condition for space charge density on 
the surface of the wire is determined iteratively until 
Kaptzov's condition is established [6]. The number of 
nodes in polar grid is 518 for the values of geometrical 
dimensions of the electrode system (Fig. 1) r0  0,05 
mm and h  12,0 mm. 
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Fig. 1. Coulomb force components 
 
Components of the Coulomb force per unit volume are 
determined as the product of space charge density and 
the field strength 
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Correctness of the model is checked by comparison of 
the numerical solution of Laplace's equation with 
analytical solution of an electrostatic field in wire-to-
plane electrode system. Average difference between 
numerical and analytical values of electrostatic field 
potential on the axis of symmetry (x = 0) is 0,2 % for 
the number of nodes of polar grid n = 518. Additional 
test of the numerical corona field model is comparison 
of numerical data of the current-voltage characteristic 
with the experimental one. Maximum difference 
between numerical and experimental values of linear 
current density corresponding to the voltage value U  
7,0  kV is 150 A/m.   
 
3. Numerical model of electrohydrodynamic air flow 

field 
 
Electrohydrodynamic air flow is determined by the 
system of equations comprising of the Navier-Stokes 
and flow continuity equations. Emitting electrode with 
the ionization zone cross section area is negligible in 
comparison with an overall area of the field therefore 
the wire electrode can be represented as a point. 
Cartesian system of coordinates can be used to reduce 
the number of nodes. Finite-difference approximation of 
the Navier-Stokes and the flow continuity equations for 
this system of coordinates contains the Coulomb force 

components Fx, Fy and the flow velocity components 
wx, wy [6]: 
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There 1)(
C


xw is the velocity x component value of new 

iteration, )(
C


xw  is the value of previous iteration, Pxw , 

Rxw , Sxw , Qxw  are the x components of velocities in 

the neighbour nodes, Oxw  is the x axis component of 

average velocity in the square (Fig. 2),  - variation of 
time between iterations, a – distance between nodes, 
regular in all the grid (a  2 mm for Fig. 4). 
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Fig. 2. Computational grid with square elements. 
 
Transform of Coulomb force components F and Fr to 
the components Fx and Fy is governed by simple 
geometrical relations (Fig. 1): 
 

 22
rFFF   , (12) 

   









rF

F
arctan , (13) 

 sin FFx , (14) 

 cos FFy . (15) 
 

Nodes of the polar grid do not coincide with the nodes 
of the grid in Cartesian system of coordinates (Fig. 2). 
Coulomb force components in the node O of the grid in 
Cartesian system of coordinates (Fig. 3) can be 
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calculated from the finite-difference approximation of 
the Laplace's equation 
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Component FOy is determined by the similar equation. 
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Fig. 3. Transform of polar grid to the grid in Cartesian 
coordinates 

 
Computation of air flow velocities is performed by an 
iterative procedure from zero velocity values in all the 
computing area at the beginning to the steady state 
conditions. Velocity component wx  0 on the axis of 
symmetry (x  0). Component wy  0 on the surface of 
plane electrode (y  –h). Boundary conditions for free 
bounds x  2h and y  h (Fig. 4) are determined by use 
the assumption that the potential derivative of velocity 
component for the node on the bound is the same as for 
the nearest node inside the bound. 
Visual representation of velocity distribution in the 
computation area is given in Fig. 4. The length of the 
each velocity vector is proportional to the modulus of 

velocity  22
yx ww   and the angle is determined by the 

value of the function arctan(wy/wx). 
 
 

h

h

2h

 
 

Fig. 4. Electrohydrodynamic air flow distribution in the 
electrode system for h = 12 mm  

Dependence of the air flow velocity in the points of the 
line x  2 mm  const upon the distance from the plane 
electrode is given in Fig. 5. Maximum value of air flow 
velocity above the wire is approximately 4 m/s. 
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Fig. 5. Air flow velocity at first column away from the axis of 
symmetry  
 
Dependence of the air flow velocity in the points of the 
line y  –10 mm  const upon the distance from the axis 
of symmetry is given in Fig. 6. Maximum value of air 
flow velocity near the surface of the plane electrode is 
1,5 m/s. 
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Fig. 6. Air flow velocity on the first line above the plane 
 
The growth of the volume flow-rate with the variation 
of coordinate y in the plane x = 24 mm  const is 
presented in Fig. 7. An overall volume flow-rate 
through this plane 
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Fig. 7. Growth of the volume flow-rate with variation of y 
coordinate in the plane x = 24 mm  const 
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is 60·10–3 m3/s. The similar graphic for the plane y = 24 
mm  const is given in Fig.8. Data given in Fig. 4, Fig. 
7 and Fig 8 correspond to the discharge voltage U  10 
kV. 
 

0

10

20

30

40

50

60

70

0 5 10 15 20 25

x, mm

q
v ,

 m
3 /s

• 1
0-3

 
 

Fig. 8. Growth of the volume flow-rate with variation of x 
coordinate in the plane y = 24 mm  const 
 
Hot-wire anemometer DO 9847K is used for 
experimental test of computed data. The diameter of the 
anemometer probe is 8 mm whereas the spacing 
between electrodes is 12 mm. Therefore it is no 
possibility to measure an air flow velocity in the volume 
between electrodes for the risk of spark discharge and 
essential distortion not only the corona field, but also 
the air flow field. Measured value of the airflow 
velocity in the point x = 60 mm at the surface of plane 
electrode is 1,02 m/s, and the numerical value is 1,57 
m/s, the difference between the results is 35 %. 
Coincidence of computed and measured results is only 
qualitative. This is in agreement with the results of other 
researchers [3]. 
 

4. Conclusions 
 

Polar grid is used for computation of corona field to 
reduce the number of nodes in computational area at the 
sufficient amount of information on the distribution of 
the field quantities near the emitting electrode. Average 
difference between numerical and analytical values of 

electrostatic field potential on the axis of symmetry (x = 
0) is 0,2 % for the used polar grid. 
The grid in Cartesian system of coordinates is used for 
computation of electrohydrodynamic air flow field. 
Maximum value of air flow velocity above the wire 
corresponding to the U = 10 kV is approximately 4 m/s. 
Maximum value of the total volume flow-rate is near 
the 60·10–3 m3/s at the mentioned conditions. 
Measured and computed values of air flow velocities 
coincide qualitatively. 
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Abstract: The paper deals with a formulation of 
boundary conditions for numerical solving of partial 
derivative problems related to combined corona and 
electrostatic field analysis. Corona-electrostatic fields 
are frequently employed in multi-electrode systems to 
improve the performance of electrostatic processes or to 
give a new quality to them. Methods of analysis of such 
combined fields developed by other researches are 
overviewed. Method of complex potential functions is 
proposed by authors for analysis of electrostatic field in 
the multi-electrode system. Equation of field-line 
function with zero field strength value is used to 
compute the coordinates of points on the line separating 
areas with corona and electrostatic fields. Other outer 
boundary conditions of the field are determined from 
usual premises. 

 
Keywords: corona field, electrostatic field, boundary 
conditions, potential function, field-line function. 

 
1. Introduction 

 
Corona discharge in air is a physical phenomenon 
frequently used in electrostatic processes of particle 
technologies, such as particle precipitation, electrostatic 
painting, powder coating, particle separation etc, and of 
homogeneous media technologies, such as heat and 
mass exchange and transfer. Usually corona discharge 
devices consist of ionizing electrode represented by a 
thin wire or a point of small radius of curvature, and of 
non-ionizing electrode. Performance of corona devices 
may be enhanced by use of a third electrode, usually 
non-ionizing, or a set of electrodes modifying the 
electric field of a discharge. Characteristic feature of the 
multi-electrode field is a presence of separatrix dividing 
the field into areas with and without space charges [1]. 
The simplest device employing combined corona and 
electrostatic fields is corona triode [2] comprising of a 
set of parallel corona wires, a grounded plate and a grid 
rods placed between ionizing and non-ionizing 
electrodes. The modes of field structure in a controlled 
corotron consisting of two plane non-ionizing 

electrodes and corona wire or a set of wires placed 
between them is discussed in [3]. The structure of field 
permits to control the discharge without a current 
between control and ionizing electrodes. Numerical 
computation of the field in multi-electrode systems with 
direct-current corona discharge isn't a trivial problem. 
 

2. Methods of computation of combined corona-
electrostatic fields in multi-electrode systems 

 
Electrostatic field in the areas without a space charge is 
governed by Laplace's equation [4] numerical solution 
of which may be performed by means of the finite-
difference method (FDM) or the finite-element method 
(FEM). Universal program pockets such as ANSYS, 
COSMOS, COMSOL, QUICKFIELD, etc devoted to 
numerical analysis of Laplacian fields usually are based 
on the FEM method [5]. To define the field of direct-
current corona discharge the following system of 
equations is used [6]: 
 

 

















.k

V,

,

EJ

J

E

E





0,div

grad

div 0

. (1) 

 

Denotement of the symbols in this system of equations 
is the following: E is electric field strength, J is current 
density,  is space charge density, V is potential,   is 
permittivity, and k is ion mobility. There are some 
methods to solve this system numerically. Some authors 
[7] try to couple the system (1) and to solve the 
equation 

   0gradgrad2  Vkkt  , (2) 

 
but the solution isn't always a stable one. More success 
ful results can be achieved by expression of (1) as the 
system of two equations [8] 

 
 Vdivgrad , (3) 
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 .V  2gradgrad   (4) 
 

Equation (3) is the Poisson's equation for potential and 
the last equation is the charge conservation one. 
Analysis of the electric field described by Laplace's 
equation is carried out in [4] with the charge simulation 
program (CSP) based on the boundary element method 
(BEM). Equations (3) and (4) are solved separately by 
performing the mutual corrections of the solutions in an 
iterative process, until self-consistency is attained. The 
main difficulty is to find a way to solve equations (3) 
and (4) only in the area with the space charge. Existing 
computer programs developed for these applications are 
not adequate for the study of complex field problems in 
multi-electrode systems. Two-loop iterative procedure 
is proposed in [5] to solve this problem. Poisson's and 
charge conservation equations (3) and (4) are solved in 
[6] by using the finite-difference method. Therefore this 
system is converted to the following iterative system: 
 
  0grad 1,1   nmnm,n,mn,mn,m kkt E ,(5) 

 

  n,mn,mV  , (6) 
 

 nm,nm, VgradE , (7) 

 
where m is the number of iteration and n is the number 
of time step t = tn . 
To solve the system of equations (3) and (4) in the 
electrode system “corona wire between the cylinder and 
plane electrode” initial computational domain is 
transformed conformal mapping in [7] into another one 
easier to solve. After this mapping initial z(x,y) plane is 
transformed to the   ,Γ  plane represented by a 

rectangle [8]. 
Computational domain of two-dimensional field of the 
electrode system “corona wire between the cylinder and 
plane electrode” is divided in [9] into sub-domains with 
and without space charges by means of zero value field 
strength line. Boundary condition for all points of this 
line is of Neumann type and can be written as 
 
 0 nV . (8) 

 
The main advantage of this numerical model is that no 
arbitrarily defined boundary with condition (8) is 
necessary for completing the electric field analysis. 
 

3. Boundary conditions for computational domain 
 
Results of two-dimensional electrostatic field analysis 
in the electrode system “the wire between two parallel 
plane electrodes” are discussed in [3]. The view of field 
strength lines (solid) and equipotential lines (lined) is 
shown is shown in Fig. 1. Values of electrode potentials 
are the following: V1 = –10000 V, V2 = 0, V3 = –5000 V. 

 

Fig. 1. Three-electrode system with corona field electric flux 
between corona electrode and upper plane electrode 
 
Geometrical parameters of the system are the following: 
radius of the wire r0 = 0,025 mm, distance from the wire 
to the upper plane h1 = 10 mm, distance from the wire 
to the lower plane h2 = 40 mm. It can be seen that 
electric flux related to the wire is directed to the upper 
plane, and there is no electric flux to the lower plane. 
Therefore the space charge induced by discharge is 
concentrated in the domain neighbouring to the wire. 
The domain occupied by electric flux directed from the 
lower to the upper plane has no space charge. 
Results of analysis of electrostatic field in the system 
represented in Fig. 1 are given in [3] by using the 
complex potential 
 
 ).j()(j vufzfvuw   (9) 

 
Potential function is the real part of the complex 
potential 
 
    xhEuSky,xu  1010ln  (10) 

 
and the field-line function is the imaginary part of the 
equation (9) 
 
   yEky,xv  0 , (11) 

 
where 
    21130 hhuuE  , (12) 
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      ykxk hh tanhcotarctan  

      ykhxk hh tanh2cotarctan 2  . (17) 

 
Equation of the line of zero field strength is the 
following 
 
 00  yEk  . (18) 

 
This equation can be used for determination of 
coordinate x or y of arbitrary point of the line if the 
other coordinate of the point is known. 
 

 
 

Fig. 2. Part of the field view containing corona and 
electrostatic fields 
 
Part of field view presented in Fig. 1 is shown in Fig. 2. 
Domain of corona field placed within bounds y  0, x  
 1 cm and the line of zero field strength is governed by 
equations (3) and (4). The rest part of the field is the 
electrostatic one. Corona field can be classified as 
strongly inhomogeneous field with maximum values of 
field strength near the surface of the wire. Therefore 
polar system of coordinates is suitable for numerical 
analysis of the field as it can be seen in Fig. 2. 
Electrostatic field is quasi-homogeneous and Cartesian 
system of coordinates can be used for analysis. 
Boundary condition for points of zero field strength line 
can be determined as the equality of corona field 
potential to the potential of electrostatic field. 
Electrostatic field potentials for points of intersection of 

rectangular grid lines x  const (or y  const) and zero 
field strength line can be computed from the equation 
(18). Computation of corona field potentials in the 
points of the line E  0 must be performed by solving 
the system of equations consisting of the equation (18) 
and the equation for the points of polar grid radial lines 
 

   







m

n
sin222 

yxy , (19) 

 
where m is the characteristic index of the grid [10], and 
n is the number of radial line of regular polar grid (n  0 
for positive x axis). 
Points of intersection of polar grid lines and rectangular 
grid ones with the line of zero field strength do not 
coincide. Potential values of these points can be 
determined by interpolation. 
Homogeneous Neumann condition 
 
 0 nV  (20) 

 
can be used for points of symmetry axis y  0. Digital 
representation of this condition is an equality of 
potentials of symmetrical points in respect of x axis. 
The homogeneous Dirichlet  boundary conditions is 
assumed on the surfaces of all conductors, i.e. potentials 

11 uV  , 22 uV  , 33 uV   are constant. 

Boundary condition on the left free bound of the field 
(Fig. 1) is the equality of potential derivatives in the last 
(n-th) point of the line x  const and in the n-1st point 
of this line 
 
 .VVV nnn 212    (21) 

 
Digital analysis of direct-current corona field performed 
by earlier researches [11] is based on the Deutsch’s 
assumption: unipolar space charge flow will not distort 
the electric field lines away from Laplacian field, but 
may change the voltage distribution along the field 
lines. Later this assumption was criticized by several 
authors [12]. The first approach of our analysis is based 
on the assumption that the field line E  0 determined 
from the electrostatic field analysis is the same in the 
corona field. Correctness of the assumption can be 
checked by digital procedure given in [10] or 
experimentally. 
 

4. Conclusions 
 

Electric field in multi-electrode direct-current corona 
discharge systems can be divided into a domain without 
space charge (Laplacian field) and a domain with space 
charge (corona field). The main problem in description 
of boundary conditions is to establish parameters of the 
line separating these fields. They can be determined by 
analysis of an electrostatic field in the system. Analysis 
of corona field can be performed by use an assumption 
that space charge doesn't disturb the shape of separatrix. 
 
 

266



 

5. References 
 
1. Barčiauskas R., Žebrauskas S. Algorithms of 

Simulation of Combined Corona and Electrostatic 
Fields // The 5th International Conference on 
Electrical and Control Technologies ECT 2010, 
Proceedings. Kaunas, Technologija, 2010, p. 232-
235. 

2. Deng X., Adamiak K. The electric corona discharge 
in the triode system. IEEE Transactions on industry 
applications. Vol. 35, No 4, July/August 1999, p. 
767-773. 

3. Mikšta J., Žebrauskas S. Analysis of the electric 
field in three-electrode system with corona 
discharge. Materials science, Vol. XVI, No. 1-3, 
Wroclaw, 1990, 287 - 292 p.p. 

4. Rafiroiu D., Morar R., Atten P., Dascalescu L. 
Mathematical modeling of the combined corona-
electrostatic field of roll-type separators. Industry 
applications conference, 1998, 33rd annual meeting, 
Vol. 3, 12-15 October, 1998, p. 1941-1946. 

5. Rafiroiu D., Morar R., Atten P., Dascalescu L. 
Premises for the mathematical modeling of the 
combined corona-electrostatic field of roll-type 
separators. IEEE Transactions on industry 
applications. Vol. 36, No 5, September/October 
2000, p. 1260-1266. 

6. Caron A., Dascalescu L. Numerical modeling of 
combined corona-electrostatic fields. Journal of 
Electrostatics, Vol. 61, 2004, p. 43-55. 

7. Dumitran L. M., Blejan O., Notingher P. V., 
Samuila A., Dascalescu L. Particle charging in 
combined corona-electrostatic fields. Industry 
applications conference, 2005, 14th IAS annual 
meeting, Vol. 2, 2-6 October, 2005, p. 1429-1434. 

8. Dumitran L. M., Dascalescu L., Atten P., Notingher 
P. V. Computational and experimental study of ionic 
space charge generated by combined corona-
electrostatic electrode systems. IEEE Transactions 
on industry applications. Vol. 42, No 2, March/April 
2006, p. 378-384. 

9. Dumitran L. M., Atten P., Notingher P. V., 
Dascalescu L. 2-D corona field computation in 
configurations with ionizing and non-ionising 
electrodes. Journal of Electrostatics, Vol. 64, 2006, 
p. 176-186. 

10. Marčiulionis P., Žebrauskas S. Numerical analysis 
of spatial force components in direct current corona 
field. Electronics and electrical engineering, 2009, 
No 8(96), 3 – 8 p.p. 

11. Sigmond R.S. The unipolar corona space charge 
flow problem. Journal of Electrostatics, Vol. 18, 
1986, p. 249-272. 

12. Amoruso V., Lattarulo F. Deutsch hypothesis 
revisited. Journal of Electrostatics, Vol. 63, 2005, p. 
717-721. 

 
 

 

267



 

The 6th International Conference on 
Electrical and Control Technologies 
May 5-6, 2011, Kaunas, Lithuania 

 

 A NOVEL PHASE SELECTOR BASED ON FAULT GENERATED HIGH 
FREQUENCY TRANSIENT VOLTAGE SIGNALS 

  
  

Mohamed KANDIL, Asem El-ALAILY, Mahdi El-ARINI 
Department of Electric Power and Machines, Faculty of Engineering, Zagazig University, Egypt 

 
  

 
Abstract: Ground fault inception in power grids is 
imminent. Among these faults, single phase to ground 
faults contribute more than 90%. It is quite evident that 
accurate and fast isolation of the faulty phase will 
improve the stability of the grid, so providing the 
facility of single pole reclosing is necessary. Traditional 
phase selectors can suffer some deficiencies in their 
performance due to varying system and fault conditions. 
This paper presents a novel technique based on the fault 
generated high frequency transient signals. A wide 
variety of generated data from the simulation of a 
typical 400 kV power system using ATP-EMTP were 
used to test the performance of the technique. The 
obtained results indicate that the proposed algorithm 
presents excellent performance. 
  
Keywords: Transient based Protection, Phase Selection, 
Single Pole Autoreclosure. 

  
1. Introduction 

  
Important lines, especially tie lines that connect 
important generating stations, often require single pole 
autoreclosing (SPAR) in order to maintain system 
stability for a given desired operating condition. This 
means that one or more generators will become unstable 
unless the system is restored to normal in a short time, 
often just a few cycles. Since 90% or more of all line 
faults are temporary in nature, this means that 
autoreclosing will usually be successful in restoring 
these essential circuits [1].  
The conventional schemes for SPAR are more complex. 
Several techniques are used for selecting the faulted 
phase. However, like any other power frequency-based 
measurement methods, they suffer from limitations due 
to fault-path resistance, line loading and source 
parameters, remote –end infeed, etc. As a result, the 
accuracy attained in phase selection is rather limited [2]. 
An approach to transmission-line protection has been 
developed based on the detection of fault-generated 
high-frequency transient signals, and the research shows 
that the technique can be applied to attain prominent 
results. This development has led to a new concept in 

power system protection – The 'Transient Based 
Protection' (TBP) [3]. Several phase selection 
algorithms utilizing TBP approach have been reported 
recently in the literature [5-7]. 
Reference [5] describes the design of a phase selector 
using ANNs to essentially recognize the various 
patterns generated within the frequency spectra of the 
fault generated noise signals on the three phases, for the 
purposes of accurately deducing the faulted phase.  
Reference [6]  describes the design and implementation 
of a technique based on wavelet transform. The 
proposed algorithm employs sharp transitions generated 
on the faulted phase. 
Reference [7] presents a new approach to real-time 
phase selection in power transmission systems using 
fuzzy-logic-based multi-criteria approach. Only the 
three line currents are utilized to detect the faulted 
phase. 
In this paper a novel phase selection algorithm 
employing the fault generated high frequency noise on 
faulted EHV transmission lines is proposed.  
It is essentially based on a specially designed stack 
tuner (tuned to a certain frequency bandwidth) which is 
connected to the coupling capacitor of the capacitor 
voltage transformer (CVT), thereby, overcome the 
bandwidth limitation of conventional transducers.  
Discrete Fourier transform (DFT) is utilized for 
processing the high frequency transient signals extracted 
from the stack tuner output. The paper concludes by 
presenting results based on the extensive simulation 
study. 
  

2. Transient based protection approach 
  

In conventional power frequency based protection 
techniques, the high frequency generated transients are 
considered as interference noise and are filtered out [8]. 
Present protection techniques based on the detection of 
fault generated transients, such as, travelling wave 
based protection are limited by the bandwidth of the 
transducer and cannot separate and extract the high 
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frequency information required from dominant power 
signals. 
The TBP technique utilizes the HF generated transient 
signals which are a combination of the components 
generated by the very non-linear behavior of the fault 
arc and those due to travelling waves. These combined 
features give the TBP technique the immunity to the 
effect of fault inception angle, while algorithms based 
on travelling waves suffer from faults near voltage 
zero [4].  
 

3. Model system 
  

The model system used in the study is a double-end fed 
transmission line as illustrated in Fig. 1. The line is a 
400 kV, 128 km vertical construction line. ZA and ZB 
are the equivalent source impedances. The line 
configuration is given in the Appendix. The system is 
simulated using the ATP-EMTP [9] where the line was 
simulated using the JMarti model, while the local-end 
source was simulated using a lumped impedance model. 
Within the simulation has also been embodied an 
emulation of the non-linear fault arc [10]. 
 

 
 

Fig. 1. 400 kV transmission system 
  

4. Measurement technique  
  
A fault on a power line produces wideband noise and/or 
travelling waves. Much o this noise is outside the 
bandwidth of the conventional instrument transformers. 
The authors in [4]  has proposed a special technique that 
can be used for detecting the high frequency 
components of system voltage under fault conditions by 
means of a stack tuner circuit which is connected to a 
transmission line via the high voltage coupling capacitor 
of a typical CVT. Depending on line voltage and 
capacitor type, the capacitance values in use range from 
0.001 to .05 microfarads. 
The purpose of the line tuner in conjunction with the 
coupling capacitor is to provide a low impedance path 
for a predefined HF component of interest and a high 
impedance path to the power frequency energy by 
forming a series resonant circuit.  
An extensive series of studies have shown that a very 
narrow band centered on frequency of 30 kHz gives 
excellent results. The stack tuner has been incorporated 
into the simulation because of the close interaction that 
occurs between stack tuner circuits and the power 
system over the range of frequencies of interest.  

  
5. Proposed algorithm 

  
Fig. 2 shows the output of the stack tuner connected to 
the coupling capacitor of the capacitor voltage 
transformer (CVT) for an ‘a’-G maximum voltage fault 

at mid-point, it is evident that the faulted phase 
experiences a high degree of frequency distortion.  
 

 
 

Fig. 2. Stack tuner output 
 
As expected, distortion also appears on the healthy 
phases due to the mutual coupling effects between the 
faulted and healthy phases. Each stack tuner is arranged 
to have an impedance approximately equal to line surge 
impedance at the very narrow band centered on 
frequency of 30 kHz, and an overall high impedance to 
the power frequency component with respect to earth. 
Fig 3 demonstrates that the frequency spectra of the 
high frequency signals are very distinctly different for 
both sound and faulted phases. When comparing the 
outputs of the stack tuner for the three phases, it is clear 
that the magnitude of the peak transient for the faulty 
phase is larger than the other two healthy phases.  
 

 
 

Fig. 3. Frequency spectrum of stack tuner output 
 
The key idea of the proposed algorithm utilizes this 
feature in order to discriminate between the faulty and 
sound phases. The inputs to the phase selector are the 
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three phase voltage signals from the stack tuners at a 
sampling rate of 200 kHz. Anti-aliasing filters are 
employed to attenuate any frequency components above 
the Nyquist Frequency i.e., above 100 kHz. The 
digitized voltage signals are processed by applying the 
Fast Fourier Transform (FFT) technique to a moving 
time-domain window of length 128 samples. The 
magnitude of the peak spectra for each phase – for one 
cycle - is estimated, and then the largest value of them is 
compared against a threshold setting (�o) to diagnosis 
the system status first. 
 After that, if a fault condition is detected, each peak 
spectra is checked against another threshold setting 
(�1) so as to discriminate the faulty and sound phases. 
The proposed phase selector algorithm can be 
summarized as shown in Fig. 4. 
Where Ya_max, Yb_max and Yc_max are the 
magnitudes of the peak spectra for each phase and 
Ymax is the largest value of them.  
 

 
 

Fig. 4. The proposed algorithm 
 

6. Performance evaluation 
 
6.1. Effect of fault location and fault inception angle 
  
It is well known that the performance of travelling wave 
based phase selectors suffer for faults near voltage zero 
because these techniques utilize the magnitudes of 
generated travelling waves which are very much 
dependent on the fault inception angle. The proposed 
phase selector described here is immune to this 
problem, as it uses the high frequency generated noise 
created by nonlinear arcing faults which are – to large 
extent – independent of the fault inception angle. 

Fig. 5 and Fig. 6 show the spectra of the stack tuner 
output for an a-G fault at 100 km from the end A at 
inception angles of 0o and 90o respectively. Although 
the amplitudes of the spectra are severely attenuated for 
0o inception faults, the relative relation between the 
faulty phase and healthy phases is still obviously 
distinctive. 
 

 
 

Fig. 5. Spectrum of the stack tuner output for an a-G 
voltage fault at 0o at 100 km from end A 
 

 
 

Fig. 6. Spectrum of the stack tuner output for an a-G 
voltage fault at 90o at 100 km from end A 
 
6.2. Effect of high resistance faults 
  
Conventional phase selectors suffer some deficiencies in 
their performance when there is a high resistance 
involved in the fault. The proposed phase selector was 
tested against different high resistances included in the 
simulation. Fig. 7 shows the spectrum for an a-G fault 
near 0o inception angle and at 100 km from end A, a 
fault resistance of 100Ω. It is clearly evident that the 
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amplitude of the faulty phase is larger than those of the 
healthy phases. 
 

 
 

Fig. 7.  Spectrum of the stack tuner output for an a-G 
voltage fault at 0o at 100 km from end A, a fault 
resistance of 100 Ω 

  
7. Conclusions 

  
This paper presents a novel phase selection technique 
based on fault generated high frequency noise under 
arcing faults for EHV transmission lines. These high 
frequency signals are derived from the system by 
employing a specially designed stack tuner connected to 
a transmission line via the high voltage coupling 
capacitor of a typical CVT. FFT technique is used to 
decompose these transient signals. The phase selector 
proposed here employs the peak value of the spectrum 
of the three phase voltage signals to differentiate 
between the healthy and faulty phases. The results 
shown here demonstrate the robustness of the proposed 
algorithm against various system and fault conditions. 
 

8. Appendix 
 
The mean spacing between the conductors of the 
transmission line used in the study are shown in Fig. 8. 
The data for this line are: 
(a) Phase conductors are 4 x 54/7/3.3 mm. with 0.305 m 
bundle spacing and of ACSR type. 
(b) Earth wire is 54/7/3.3 mm. 
(c) Earth resistivity is 100 Ωm. 
 

 
 

Fig. 8.  Line configuration 
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Abstract: The insulating fluid that has the greatest use in 
electrical equipment is mineral oil. The primary function 
of insulating oil is to provide a dielectric medium that 
acts as insulation surrounding various energized 
conductors. Presenting of moisture in insulation oil 
affect the formation of rust and consequent 
contamination of the equipment and taking off from 
maintenance. Moisture has an effect on solid insulation 
aging. Moisture content of solid insulation is a persistent 
concern for electrical equipment as it entails several 
detrimental effects on the insulation deterioration. 
Traditionally, the dryness of equipment in service has 
been assessed by periodic measurements of the water 
content in the insulating oil. Determination of moisture 
content in solid insulation is rightfully an essential part 
of any comprehensive condition assessment program.    
  
Keywords: Moisture content, humidity, insulation oil, 
solid insulation, electrical equipment. 

 
1. Introduction 

 
Paper (part of solid insulation) – has a great affinity for 
holding water. Water that is held in the paper can 
migrate into the oil as the temperature of the equipment 
increases or the reverse as the temperature of the 
equipment decreases. The quantity of paper in solid 
insulation of different electrical equipment can be 
hesitate from few till hundreds of kilograms. For new 
high voltage equipment (power transformer, measuring 
transformers, etc.), the moisture content of the paper is 
generally recommended to be no more than 0,5 – 1,0%. 
Water will distribute between the oil and the paper in a 
ratio that is constant and dependent on the temperature 
of the equipment, this process calls by equilibrium 
process. As the temperature increases, water will move 
from the solid insulation to the oil until the distribution 
ratio for new temperature is achieved. Likewise, as the 
temperature decreases, water will move in the opposite 
direction. 
In addition to the water that is in the paper and in the oil 
at the time the electrical equipment is put into 

maintenance, there is also water introduced into the 
equipment because of the ongoing oxidation of the solid 
insulation or ingress due to breathing of the equipment 
during repair work. Water is a product of the oxidation 
of solid insulation and it is therefore always increasing 
in concentration with time. Even the equipment were 
perfectly sealed, the moisture concentration of the paper 
would continue to increase. The rate of generation of 
water is determined primarily by the oxygen content of 
the oil and the temperature of the equipment. Increases 
in each of these factors increase the rate of water 
generation. 
The traditional method of moisture monitoring calls for 
oil sampling at regular intervals. The oil sample is then 
processed through a Karl Fisher titration method that 
provides the total water content in oil in parts per 
million (ppm) [1]. Moisture content can be presented as 
relative saturation in percents (%) too in accordance of 
IEC 60422 standard. 
Water can exist in electrical equipment in three main 
and two secondary forms: present in a free water state at 
the bottom of the equipment, in a water/oil emulsion 
form, in a dissolved form and as ice at the equipment 
bottom (if the oil specific gravity is greater than 0.9, ice 
can float), in the form of humidity if transformers have 
an inert gas blanket [2].  

 
2. Determination of moisture content  

 
Depending on the amount of moisture, the temperature 
of the insulating system and the status of the oil, the 
moisture content of insulating oils influences: 

• the breakdown voltage of the oil; 
• the solid insulation; 
• the ageing tendency of the liquid and solid 

insulation. 
The moisture (water) content in the liquid and solid 
insulation thus has a significant impact on the actual 
operating conditions and the lifetime of the electrical 
equipment.  
The solubility of water in oil, given in mg/kg (ppm), 
depends on the condition of the oil, the temperature and 
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type of oil. The absolute water content (Wabs) is 
independent of the temperature, type and condition of 
the oil. The relative water content (Wrel) is defined by 
the ratio Wabs/water solubility(Ws) and the result is 
given in percent. Water solubility should be determined 
at the same temperature as the oil has been taken. 
The water content in oil is directly proportional to the 
relative water concentration (relative saturation) up to 
the saturation level. The temperature dependence of the 
solubility of water in oil (Ws) is expressed by (1) or (2). 

 
)/( TBeoilWSW −

⋅= ,                            (1) 

 
where: 
T – temperature of the oil at the point of sampling (K), 
Woil, B – constants that are similar for many insulating 
oils, or: 
 

)/1567(0895.7 TSLogW −= ,                          (2) 

 
The values of Woil and B may be different for some 
products, mainly due to differences in aromatic contents. 
At elevated temperature some amount of free water may 
transfer into dissolved water. Small changes of 
temperature significantly modify the dissolved water 
content of the oil but only slightly modify the water 
content of the paper [3]. 
When oil in the electrical equipment is working at a 
constant, relatively elevated temperature for a long 
period, thermodynamic equilibrium between water 
absorbed by solid insulation and water dissolved in oil is 
closely approached.  
The determination of the water content in paper of 
electrical equipment by the measuring of the water in oil 
has been described in many technical standards, but 
practical results are often not in line with the theoretical 
predictions. The drying process of the paper may not 
take out as much water as calculated. It was proven 
using two different estimation graphs of moisture 
content, Fig.1. and Fig.2. 
  

 
 

Fig. 1.  Myers multiplier versus temperature  

 
 

Fig.2 Equilibrium of water in oil and solid insulation at 
various temperatures 
 
Thus, for the proper interpretation of moisture content 
the analytical results need to correct the water content of 
the oil at a given sampling temperature to the content at 
a defined temperature. For practical reasons, the defined 
temperature is set at 20oC, since below 20oC the rate of 
diffusion of water is too slow to achieve equilibrium in 
operational electrical equipment. Taking into account 
before mentioned information, the one else graph can be 
constructed in accordance with (3). 
 

)04.0(24.2 tsef −
⋅= ,                     (3) 

 
where: 
f – is the correction factor; 
ts – is the oil sampling temperature, (oC) 
 
For interpreting the results are applicable only if the 
following conditions are fulfilled: 

• equilibrium exists between oil and paper; 
• no abnormal ingress of water (leaks); 
• presence of paper in the equipment; 
• absence of free water. 

Water content is used by industry to monitor a dielectric 
fluid’s quality. It is an indicator of possible oil 
determination, which could adversely affect the oil’s 
electrical properties such as dielectric breakdown. This 
value is based on the relative saturation of the water in 
the dielectric fluid. The relative saturation is based on 
the amount of water dissolved in the oil divided by the 
total amount of water the oil could hold at that 
temperature.   
There is another test set which indicates the saturation of 
the oil by measuring relative humidity at two separate 
temperatures. Extrapolating to 100% Wrel allows the 
technical staff to determine the temperature at which 
free water will condense from oil. This could be vital 
information in cases where the electrical equipment is 
taken out of service and free water appears at ambient 
temperature and the transformer is switched back on. In 
this case the psychrometric graphs often are used [4].  
Making the obtained results more trustable, in practice 
apply another one method of water content estimation 
using measuring techniques, as shown in Fig.3., with 
monitoring data. 
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               Fig. 3. Moisture content curve by measuring technique (normal moisture content) 
 

3. Deterioration of oil-paper insulation  
 

Ageing of solid insulation and safety of operation of 
electrical equipment in the network depends on several 
factors, following being most important: 

• hydrolytic deterioration (influence of water and 
acids, products of oxidation of oil and paper 
and disintegration of paper); 

• oxidation deterioration (oxygen which in 
different form causes oxidation and directly 
conditions degradation of paper and oil without 
it oxidation would not exist); 

• thermal degradation (thermal disintegration of 
paper and oil). 

The dielectric strength of oil starts to fall when water 
saturation reaches about 50%. For petroleum based 
dielectric oils, 50% saturation at room temperature is 
30-35 ppm. The maximum values of water dissolved in 
insulating oil depending on temperature are shown in 
Fig. 4.  
 

 
 

Fig. 4. Maximum values of water dissolved in insulation oil 
depending on temperature  
 
Water content at or near 50% saturation may indicate 
the oil has deteriorated and may cause a lower dielectric 
breakdown voltage, which can damage the electrical  

 
equipment existing core and windings and as the result – 
fault of equipment, Fig. 5. 
 

 
 

Fig. 5. Damaged high voltage transformer 
 
The periodical insulating oil samples could not always  
show all necessary information and that is why the 
electrical solid insulation tests are done too.  
Making a technical decision about rate of deterioration 
of oil-paper insulation is a complex work. Therefore we 
need to determine the condition indexes of oil and solid 
insulation in accordance with technical standard 
regulated limits [5].  
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4. Case study 
 

It is important to recognize that in normal operation, 
even though a stable thermal condition can be created, 
there are still temperature differences and therefore 
different moisture contents in the various parts of the 
insulation structure [6].  
In practice the thermal stability conditions are never 
achieved. Beside load variations, the transformer is 
submitted to daily and seasonal temperature variations. 
With temperature conditions continuously varying, the 
equilibrium curves cannot be applied directly, Fig. 6, 
therefore it is not possible to assess correctly the water 
content of insulating paper from a single sampling of 
insulating oil [7].  For being sure in technical condition 
of electrical equipment apply absorption rate (Rabs), 
which is realized with solid insulation tester, and the rate 
of absorption must be more than 1.3 depending on type 
of equipment and rated data [8].   
 

 
 

Fig. 6. Straight curve of increased moisture content  
 
Temperature changes entail displacement of water from 
paper to oil and vice versa. The diffusion rate for this 
process depends on the temperature but also on the 
thickness of solid insulation, on the area of contact 
between circulating oil and paper, and on the moisture 
content of paper. The diffusion time constants see in 
Table 1. 
 
Table 1. Diffusion time constant for oil-impregnated 
pressboard insulation (in days) 
 

Temperature 
Insulation thickness 

1 mm 2 mm 4 mm 
80 oC 0.9 3.6 14.0 
60 oC 4.2 17.0 67.0 
40 oC 20.0 79.0 317.0 
20 oC 93.0 373.0 1493.0 

   
Diffusion time constants are also indicated for thicker 
materials, assuming the time constant increases with the 
square of the material thickness. It is recognized that in 
the electrical equipment, like power transformer, the 
construction is complex and the equivalent thickness of 
insulating material has to be estimated for each specific 
structure and oxidation level, Fig. 7. 

 

 
 

Fig. 7. Assessment of moisture content 
 

5. Conclusions 
 
The moisture presence in oil, it means that oil will 
degrade and early or later the solid insulation will be wet 
and the control of this process is necessary for 
equipment lifetime. It can be done by parallel several 
control methods: oil sampling, theoretical calculation 
using curves, monitoring systems, measuring techniques. 
The drying process methods could be applied 
dependently of moisture content. The effect of moisture 
on solid insulation is crushable and brings to faster 
ageing. Further diagnostic is required.    
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Abstract: The main goal of this paper is to investigate 
the behavior of the fault current and neutral point 
voltage during earth fault. Based on a typical 20 kV 
medium voltage distribution network configuration, a 
suitable network model will be proposed for the 
required investigations. The mathematical model of the 
network will be implemented using EMTP-ATP 
program.  Primary (110/20 kV) substation feeds a rural 
overhead network consists of several feeders of many 
tens of kilometers length and a suburban underground 
network containing much short feeders. Based on the 
simulation results and considering the same fault 
resistance (of lower values), it is found that the network 
compensation has a little effect on the neutral point 
voltage however it has a significant effect on the earth 
fault current on both of overhead and mixed networks. 

 
Keywords: Earth faults, neutral point voltage and 
isolated and compensated neutral medium voltage 
distribution networks. 

 
1. Introduction 

 
The fault and neutral points have a special significance 
as they can clearly describe the fault characteristics. 
Direct treatment of this subject is conspicuously lacking 
in the literature. The fault point investigation is of 
special concern as it highlights the behavior of the fault 
voltage and current. The behavior of the fault point 
voltage and current can decide how the fault will be 
developed. The neutral point voltage investigation can 
also clarify the level of network disturbance. In 
unearthed and compensated neutral medium voltage 
distribution network, the behavior of the earth fault 
current and neutral point voltage may change 
dramatically depending on the neutral point treatment. 
In Finland, the Nordic and many European countries, 
the specific conductivity of the soil is usually so low 
that it is not easy to achieve low earthing resistances in 
the protective earthing at the distribution substations 
and in the operational earthing of the low-voltage 

network; the earthing resistances are typically of the 
order of a few ohms. This is one reason why the 
medium-voltage network is operated as unearthed 
(isolated) neutral. Further networks often have 
compensation of the earth fault current (compensated 
neutral networks) [1]. The main advantage of unearthed 
neutral networks is that the low levels of earth fault 
currents and consequently a single earth fault does not 
require immediate shutdown. On the other hand, the 
main problem is the over-voltage caused by the 
charging of the system capacitance of the sound phases 
and lines, which may lead to flashover and/or 
breakdown or may establish a double line to earth fault 
[2]. The fault and neutral points can clearly describe the 
fault properties and how it will be developed. In 
compensated networks, the main idea is to compensate 
the earth fault current into lower levels and 
consequently the network may continue operating for 
adequate time under earth fault condition. This 
operation is beneficial for covering transient earth 
faults. The earth fault currents increases in mixed and 
cable networks due to high earth capacitance and in 
these networks the compensation becomes an important 
issue. In this paper, the behavior of the fault current and 
neutral point voltage will be investigated. The 
investigations will cover different network types 
including feeder types (overhead line and mixed 
overhead and cables) and neutral earthing conditions 
(isolated or compensated neutral network). Based on a 
typical 20 kV medium voltage distribution network 
configuration, a suitable network model will be 
proposed for the required investigations. The 
mathematical model of the network will be 
implemented using EMTP-ATP program.  A primary 
(110/20 kV) substation feeds a rural overhead network 
consisting of several feeders of many tens of kilometers 
length and suburban underground network containing 
several short feeders. The high earth capacitance in 
mixed and cable networks and the way of neutral point 
treatment may have a significant effect on the network 
performance during earth faults. 
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2. The Studied MV Network 
 

A realistic network of the arrangement shown in Fig. 1, 
based on present 20 kV medium voltage distribution 
networks, is proposed for the study. The network data 
are given in the appendix. A typical arrangement of the 
rural overhead line and suburban underground cable 
feeders (at 20 kV) has been proposed based on 
information from [3-7]. The mathematical model of the 
network has been implemented using the alternative 
transient program ATP/EMTP [8], which is a popular 
simulation software package mainly intended for 
transient analysis applications. ATPDraw, a graphical 
pre-processor to ATP, has been used to construct the 
network elements using suitable graphical 
blocks/symbols, to plot the required figures and to write 
the required output data files in a suitable form for 
transfer to Matlab [9] for any required advanced 
analysis. 
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Fig. 1. The realistic arrangement of the medium voltage 
distribution network 
 

3. Simulation-Based Investigations 
 

The network performance will be investigated during 
earth fault. The investigations will focus on the 
behavior of the fault current (IFa) and the neutral point 
voltage (VN). The considered fault conditions are: 
 
 Type: SLGF (single line to ground fault in phase-a). 
 Location:  in the first overhead feeder of the rural 

overhead line network. 
 Moment: at 2 ms of the second cycle. 
 Fault resistance: 100 Ω. 

The network investigations will be based on different 
simulation test cases of network type and configuration 
including: unearthed overhead network, compensated 
overhead network, unearthed mixed network and 
compensated mixed network. The behavior of the 
network can be investigated easily by the comparison of 
the previous test cases. The comparison between 
unearthed and compensated overhead network 
(considering different compensation levels: 80%, 90%, 
100%, 110% and 120%) is required when changing the 
overhead network operation from unearthed operation 
into compensated neutral operation. It also clarifies the 
effect of compensation level in the behavior of the 
overhead network. A similar comparison will be 
considered for unearthed and compensated neutral 
mixed (overhead and cable) network. Finally a 
comparison between the two network types will be 
presented. The following figures will present the 
required comparison. A period of three cycles (60 ms at 
50 Hz) will be presented and the fault occurs at 22 ms 
(2 ms in the second cycle). Each comparison contains 
two figures. The behavior of neutral point voltage and 
the fault current can be investigated from the following 
figures. The overhead network is presented in Figs. 2-5 
and the mixed network is presented in Figs. 6-9. Fig. 2 
and Fig. 3, present the behavior of the neutral point 
voltage (VN) and the fault current (IFa) in unearthed 
(U) and compensated (C) neutral overhead (OH) 
network, respectively. Fig. 4 and Fig. 5, present the 
effect of compensation of the overhead network on the 
neutral point voltage and the fault current respectively. 
It can present the comparison between unearthed and 
compensated overhead network, considering different 
compensation levels: 80%, 90%, 100%, 110% and 
120%. Fig. 6 and Fig. 7, present the behavior of the 
neutral point voltage and the fault current in unearthed 
and compensated neutral mixed network (Mx), 
respectively. Fig. 8 and Fig. 9, present the effect of 
compensation of the mixed network on the neutral point 
voltage and the fault current, respectively. It can present 
the comparison between unearthed and compensated 
mixed network. The investigations about the network 
behavior can be concluded in the following sections, 
based on the results shown in Fig. 2-9. 
The magnitude of the earth fault current is directly 
proportional to the network voltage and earth 
capacitance which mainly depends on feeders’ types 
(overhead lines or underground cables) and the total 
length of network feeders. The value of earth 
capacitance, per unit length, of the cable feeder is very 
high compared to its value for overhead feeder. The 
cable value may vary from 30-50 times the overhead 
value. On the other hand, the cable feeders are much 
shorter than overhead feeders. The rural overhead 
feeders are many tens of kilometers length while 
suburban cables feeders are of few kilometers length. 
The compensation process is recommended to 
compensate higher capacitive earth fault currents. 
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Fig. 2. VN and IFa in unearthed overhead (OH) network 
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Fig. 3. VN and IFa in compensated overhead (OH) network  
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Fig. 4. The effect of OH network compensation on VN 
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Fig. 5. The effect of OH network compensation on IFa 
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Fig. 6. VN and IFa in unearthed mixed (Mx) network 
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Fig. 7. VN and IFa in compensated mixed (Mx) network 
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Fig. 8. The effect of mixed network compensation on VN 
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Fig. 9. The effect of mixed network compensation on IFa 
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Considering the same fault conditions, it is found that 
the network compensation has a significant effect on the 
earth fault current on both of overhead and mixed 
networks. The minimum earth fault current can be 
found at the completely compensated network (100%). 
On other hand, this operation is not preferred for 
sensitive earth fault protection relays. In compensated 
overhead network, the inductance of the feeders and 
transformer may have an effect on the earth fault 
current which appears as an inductive (lagging) earth 
fault current, as shown in Fig. 5. In cable and mixed 
networks, the effect of the feeders and transformer 
inductance can be neglected compared to higher levels 
of earth capacitance which explains the expected 
changing from under compensation capacitive (leading) 
earth fault current to over-compensation inductive 
(lagging) earth fault current, as shown in Fig. 9. The 
effect of this inductance can only be seen at completely 
compensation operation which expected to be resistive 
response. Under the same fault conditions, it is found 
that the network compensation has a little effect on the 
neutral point voltage on both of overhead and mixed 
networks, as shown in Fig. 4, for overhead network and 
Fig. 8, for mixed network. The neutral point voltage 
increases to about phase value. 
 
The transient magnitude of the neutral point voltage is 
higher for overhead network, as shown in Fig. 2-3, 
while the transient magnitude of fault current is higher 
for mixed network, as shown in Fig. 6-7. The response 
of the overhead network period is faster than mixed 
network which can be concluded from shorter transient 
period. Although the transient period of the overhead 
network is short but it contains many transient 
frequencies. On the other hand, the mixed network 
behavior is smooth and slow with wider transient 
period, as shown in Fig. 2-3 for overhead network and 
Fig. 6-7 for mixed network. 
 

4. Conclusions 
 

This paper presents the behavior of the fault current and 
neutral point voltage during earth fault. The 
investigations have been presented based on simulation 
results of a realistic network. It is found that the 
network compensation has a significant effect on the 
earth fault current on both of overhead and mixed 
networks, considering the same fault conditions, 
however it has a little effect on the neutral point voltage 
on both of overhead and mixed networks. The transient 
voltage is higher for overhead network while the 
transient current is higher for cable/mixed network. The 
investigations of the neutral point voltage and fault 
current can clarify the network behavior during earth 
fault. 

 
 
 
 
 
 
 

 
5. Appendix 

 
The distribution network data: 

HV/LV primary substation: 
Substation transformers: 2 × 40 MVA 
110/20 kV, Connection: Star/Delta (Y/Δ) 
Reactance = 0.10 pu 
MV network total load = 36 MVA 

Rural MV overhead line network: 
Total load = 6 MVA 
Total feeders’ length = 180 km 
Feeders = 6 × 30 km (feeder total length) 
Feeders’ load = 6 × 900 kVA = 5400 kVA(total load, PF = 0.9 Leading) 
LV transformers (20/0.4 kV) = 6 × 1000 kVA = 6 MVA 
Connection: Delta/Star-Earthed (Δ/Y┐) 
Feeder sections details: 
Feeder sections’ length = 5 × 2 km+ 8 × 1 km + 8 × 1.5 km = 30 km 

Feeder sections’ load = 8×90 kVA + 3×45 kVA + 2 × 22.5 kVA= 900 kVA 
LV transformers = 8 × 100 kVA + 3 × 50 kVA + 2 × 25 kVA = 1000 kVA 

Suburban MV underground cable network: 
Total load = 30 MVA 
Total feeders’ length = 18 km 
Feeders = 6 × 3 km (feeder total length) 
Feeders’ load = 6 × 4500 kVA (total load, PF = 0.7 -improved to- 0.9) 
Power factor improved from 0.7 to 0.9 by capacitor bank units 
LV transformers (20/0.4 kV) = 6 × 5000 kVA = 30 MVA 
Connection: Delta/Star-Earthed (Δ/Y┐) 
Feeder sections details: 
Feeder sections length = 4 × 600 m + 6 × 100 m = 3 km 
Feeder sections’ load = 4 × 900 kVA + 5 × 180 kVA = 4500 kVA 
LV transformers = 4 × 1000 kVA + 5 × 200 kVA = 5000 kVA 
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Abstract: Frequency converters, used for asynchronous 
motors regulation, cause higher voltage harmonic in 
power net. Lever of harmonic depend from inverter and 
power net parameters. Analysis of voltage harmonic in 
power nets with frequency inverters was done in this 
article, proposed way of harmonic level minimization. 
Recommendations of frequency converters power 
limitation according to supply net transformer capacity 
are proposed. 
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1. Introduction 

 
Asynchronous motors are widely used in various 
industry enterprises. Its construction is simple, motor 
work reliability is high, costs is not high. Main problem 
of using asynchronous motors is it’s speed regulation. 
In industry enterprises frequency converters are widely 
used for this purpose. Inverters with semiconductor 
based power switches in this output generates voltage 
with different from power net frequency. Voltage and 
frequency is changing according to necessary 
asynchronous motor speed and load. But in this time 
frequency converter takes from power net non 
sinusoidal current, with may cause voltage non sinusoid 
in power net and to disturb normal job of other 
customers. Level of voltage distortion depends from 
frequency inverter parameters and power net 
impedance. Percent of motors with frequency 
converters in industry is growing, and this problem is 
topical. Rectifier of frequency converter cause main 
influence to current harmonic distortion (Fig. 1), 
because it’s current from power network is non 
sinusoid.  
The traditional solutions for current harmonics reducing 
are as follows: line chokes and DC chokes (Fig. 1). 
Choke is resistor, in with voltage drop for nominal 
current is about 3-5%. These solutions typically reduce 
the THDI (total harmonic distortion of current) to a 
level less than 48%. If a choke is not added, the THDI 

is generally between 60 and 130% [1]. Depending on 
their type, external or internal chokes are most often 
offered as an option and have the following 
disadvantages: increased cost, installation time, overall 
size, drive losses with a DC choke. 
 
 

Frequency converter(AC/AC) 

Rectifier DC/AC DC link 

Power
net 

AC 
motor

DC choke 

 
Fig. 1. Typical frequency converter structure 
 
In order to overcome these disadvantages, the 
ALTIVAR 21 drive integrates new reduced capacitor 
technology [1]. This technology makes it possible to 
obtain a THDI less than 35% without having to add a 
choke, offering the following advantages: optimized 
technology through the reduction of current harmonics 
by decreasing the filter capacitors [1]. Method advances 
are greater reduction of current harmonics compared 
with traditional solutions: line chokes and DC chokes. 
According to [2] value of DC link capacitor depends 
from power of frequency converter and is about 80-
160μF/kW. But if this capacity there is smaller, a new 
problem begins. Small DC link capacitor causes large 
variations in the DC link voltage on inverter 
commutation frequency [3], [4]. 
The electrolytic capacitor has been the preferred 
capacitor for the DC link for years, where high 
capacitance gives smoother DC link voltage. But the 
electrolytic capacitor is expensive and heavy, and 
introduces considerable explosive risks and is usually 
the component that fails in the frequency converter, 
reducing the lifetime of the system, [3] [4]. Therefore 
researchers have been looking for a replacement for the 
electrolytic capacitor. But replacing the electrolytic 
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capacitor would result in a DC link with lower 
capacitance which does not provide as effective filtering 
of the rectifier harmonics. But, lower capacitance would 
also allow higher AC current to travel through the 
capacitor, reducing the line current harmonics, but also 
increasing the stress on the capacitor and increasing the 
risk of capacitor breakdown. Due to these reasons, the 
most promising substitute has been the metalized 
polypropylene (MPPF) capacitor [3], [4]. 
But in these and other research all attention is about 
frequency converter job and no attention to harmonic 
voltage level in industry enterprise network. So, is 
necessary to simulate industry enterprise power network 
model with frequency converter and after that estimate 
voltage distortion level, changing frequency converter 
load and DC link capacitor value. 
 

2. Industry enterprise power net model 
 

In industry enterprise power network frequency 
converters usually are connected to 0.4kV bus. Bus is 
connected to 6 or 10kV power distribution network over 
10/0.4kV transformer. Frequency converter is 
connected to the busses by cable line.  
 

Power 
 net 

AC/AC 
AC motor 1

Cable line 

Transformer

AC/AC 
AC motor 2

Cable line 

AC motor 3
 

 

Fig. 2. Typical electric power net of industry enterprise with 
frequency converters 

 
According [5], harmonic distribution in power network 
is calculating according diagram in Fig 3. 
 

 

Electric 
power 
net 

Customer 
with higher 
harmonic 

Filter 

Currents from 
customer 

Currents to 
network 

Currents 
accros a filter 

 
 

Fig. 3. Higher harmonic circulation in electric power net with 
nonlinear load customers 

 
So, it is necessary to choose structure and parameters 
for industrial power net in Fig 2. Length of cable line is 
usually small and its resistance is negligible, comparing 
with transformer parameters. Typical transformer of 
630 – 1000kVA is has significant inductance, 
comparing with its resistance, necessary to estimate this 
in scheme. Non sinusoid current of frequency converter 
is modeling by current source IHN of n- th harmonic. For 
analysis of frequency converter with n higher current 
harmonic considering is necessary to calculate n models 
and values of voltage harmonic UH add together.  

 
 

RT XT 

UHN 

IHN 

 
 

Fig. 4. Electric scheme for n –th higher voltage harmonic 
level calculation in industry enterprise power net 

 
3. Rectifier model and its current from electric 

supply net 
 

Rectifier model (Fig. 5) consists from six ideal diodes, 
capacitor and resistor. Capacitor value is 0.1 - 150μF, 
resistor is 313Ω. This resistor value is suitable to 
frequency converter of 1kW capacity modeling. 
Different current harmonic level in supply net is 
modeled by changing capacitor value. 
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Power 
 net 

Rectifier 

R C 

IH1, IH2, IH3,…. IHN=f(R,C) 

IH1, IH2,  
IH3,…. IHN 

Ur 

Ir 

 
Fig. 5. Frequency converter rectifier schematic, used for input 
current modeling 

 
Rectifier is simulated with software MATLAB, using 
specially written program. Job of converter is described using 
series small time intervals method, calculation capacitor 
charging or discharging in fixed current in period of one 
interval. Time interval is choose equal 0.1ms.  
Pictures in Fig. 6 – 8 shows, that when capacity value is not 
big (from 0.1 - 10μF), current THD is about 27 – 38 
percent and distortion level is not very big. But in Fig. 9 
– 11 when C is 25 - 150 μF distortion level is very big, 
current of rectifier decomposed from short current 
impulses.  
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 Fig. 6. Current and output voltage of 1kW capacity rectifier 
with R=313Ω and C=0.1μF/kW, THDI= 27.6%  
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Fig. 7. Current and output voltage of 1kW capacity rectifier 
with R=313Ω and C=5μF/kW, THDI= 30.8%  
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Fig. 8. Current and output voltage of 1kW capacity rectifier 
with R=313Ω and C=10μF/kW, THDI= 38.8%  
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Fig. 9. Current and output voltage of 1kW capacity rectifier 
with R=313Ω and C=25μF/kW, THDI= 69.4%  
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Fig. 10. Current and output voltage of 1kW capacity rectifier 
with R=313Ω and C=75μF/kW, THDI= 116.0%  
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Fig. 11. Current and output voltage of 1kW capacity rectifier 
with R=313Ω and C=150μF/kW, THDI= 145.8%  

 
In time of modeling was calculated not only current 
THD, but phase angles of separate harmonic depending 
from capacitor value. Fig. 12 is show that current 
harmonic change the angle to reverse depending from 
rectifier load. From this reason if in network there are 
more than one frequency converter with different 
parameters, current harmonic may disestablish one 
other. Worst situation in power net there are if only one 
big capacity converter is working.  
 

2 4 6 8 10 12 Harmonic 
number 

-80 º

-60 º

-40 º

-20 º

0 

20 º

40 º

60 º

80 º

Phase angle 

C=1 C=2 

C=10 

C=75 

C=125 
C=175 

  
 

Fig. 12. Angle of current harmonic, depending from C 
(capacitor value μF/kW) 

 
4. Voltage harmonic level in power supply net 

 
Using calculated rectifier input current and network 
model in Fig. 4 dependency of total voltage harmonic 
distortion level was calculated. Calculations were done 
using typical 630kVA 10/0.4kV transformer 
parameters. Such kind transformer is very often used in 
industry electric power supply net. Transformer was 
loaded by frequency converters with 10 and 175μF/kW 
capacitor, its load was changed in time of simulation. 
According curves in Fig. 13, transformer may be loaded of 
300kW capacity of 1-st kind frequency converter and only 
60kW capacity of 2-nd kind converter (THD of voltage is less 
8% according standard LST EN 50160). So, rectifier capacitor 
value limitation is very effective for electric energy quality 
increasing in power net. 
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Fig. 13. Total voltage harmonic distortion (THD) on output of 
630MVA 10/0.4kV transformer, loaded with frequency 
converters with capacity Pinv 

 
5. Conclusions 

 
Level of voltage higher harmonic in industry power net 
depends from frequency converter capacitor value.  
Worst case for total harmonic distortion in power net there are 
if only one big capacity frequency converter is working. If 
few converters are connected to power net, its current 
harmonic may eliminate each other, because its phase angles 
may be reversed. 
In typical industry power net with 630kVA transformer is 
recommended to connect not more than 50% transformer load, 
consisted from frequency converters with reduced capacitor 
value (10µF/kW). If this value is big (175µF/kW) then 
frequency converter load is limited about 10% of transformer 
power. 
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Abstract: High voltage insulation is loosing its quality 
during the operation of high voltage machines and 
generators. Degrading high voltage stator insulation is 
the main reason for sudden breakdown of stator 
windings. Partial discharge measurements can reveal a 
lot of defects in stator windings of high voltage rotating 
machines with operating voltage 6 kV.  
Partial discharge monitoring provides reliable 
information necessary for basic maintenance of stator 
windings of motors and generators. Submitted paper 
deals with partial discharge measurements in stator 
windings during the increasing of applied voltage. 
 
Keywords: partial discharges, stator insulation, surface 
discharge, overvoltage, dielectric, solid insulation. 
 

1. Introduction 
 
Insulation of high voltage rotating machines changes its 
properties due to acting of various operating factors: 
vibrations, high temperatures, heating and cooling 
cycles, operating voltage, overvoltages, pulse and 
dynamic loading [1]. Influence of outdoor surroundings 
plays a valuable role at the deterioration of insulation, 
too, such as: moisture, chemical compounds, various 
types of radiations, impurities. Life time of insulation 
depends on intensity and duration of thermal, electrical 
and mechanical stresses. 
The greatest influence on the insulation’s life time has 
temperature. Due to high temperatures, processes of 
thermal-oxidative destruction are present in high voltage 
insulation. These processes cause the decrease of 
mechanical strength, loss of elasticity and unlocking of 
fleet components, which is the reason for the creation of 
gas filled cavities in high voltage solid insulation [2]. 
Partial Discharge (PD), referred to as the discharge 
process, which takes place in the liquid or solid 
insulation defects, they are connected to the discharge 
voltage and the device isolating layer is not covered [3]. 
Partial discharge can occur at the weakest insulation 
(dewy insulation or contaminated with impurities) and 
from a strong electric field near the sharp electrode 

edges too. Most dangerous partial discharges occur in 
liquid or solid insulation voids and gaseous micro-layer 
junctions and cracks (Fig. 1.), where the discharge 
processes occur at much weaker than the electric fields 
in liquid or solid insulation whole paragraph. 
 

(a) (b) (c) (d)

(e)

 
 

Fig. 1. Structural defects of insulation  
 

2. Internal and surface partial discharges 
 
At the action of electrical field due to ageing of 
material, partial discharges occur in cavities in the 
volume of insulation – internal discharges. If protective 
surface coating is damaged, partial discharges can occur 
in stator slots or they can occur in the site of coil 
termination from stator slots – surface discharges. 
Internal discharges are very dangerous for solid 
insulations because they damage all types of organic 
materials. Small cavities increase their volume and 
electric strength of material decreases. This fact can 
lead to complete breakdown of solid insulating material.  
 

 
Fig. 2. The partial discharges equivalent model of coil 
insulation 
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Electric stress of insulation depends on its thickness and 
amplitude of applied voltage. Partial discharges can 
occur in stator insulation of rotating machines with 
nominal voltage from 3,3 kV. The action of temperature 
leads to damage of binders and basic materials, 
vibrations cause the creation of cracks, gaps and 
layering of insulation. In damaged insulation, ionizing 
processes are present which leads to decrease of electric 
strength of insulation and its complete breakdown. 
Internal and surface discharges we can see in the 
equivalent model of coil insulation  (Fig. 2), where 

dC rdV /0   – capacitance of insulation surface in 

the face of wire, 

rdS kC   0   – capacitance among elements of 

insulation surface, 
k – experimentally defined coefficient, 
d – insulation thickness, 

rd 0 – relative permitivity of insulation and air, 

V – specific volume resistance of insulation, 

S  – specific surface resistance of insulation. 

Surface discharges are present in various types high 
voltage equipment. Surface discharge processes depend 
on several factors: 

 physical properties of the environment in 
which discharge takes place (gas, liquid), 

 physical properties of solid dielectrics 
(permittivity, surface resistance, conductivity), 

 distribution of electric field in the site between 
electrodes, 

 direction of lines of force considering the 
surface of dielectric material, 

 status of surface of solid dielectrics (polluted, 
sodden), 

 type of voltage and time of operation.  
In case of stator insulation of high voltage rotating 
machines, surface discharges can occur both in the 
stator slot and at the termination of the coil from the slot  
Due to non-homogeneity of stator surface and surface of 
insulation, air filled gaps occur between them. 
Corona discharges originate in the place of maximal 
inhomogeneity of electrical field while increasing of 
applied voltage [4]. There are discharges on surface of 
insulation (so-called creeping discharges)  
 

3. Classification of partial discharges processes 
 

Partial discharge can be from 0,01 pC to 106 pC. 
Analysis of partial discharges loads values is very 
important in order to distinguish initial (primary) and 
critical partial discharges.  
Initial partial discharge (10100 pC) has small impact to 
insulation, but aging rate of insulation depends from 
these discharges level. Safe partial discharges level is 
50 pC (for solid insulation).  
The critical partial discharges level is over 1000 pC. 
When partial discharges are over the critical level, 
dielectric isolation begins intensive decompose 
processes. Partial discharges activity, from 1000 to 
10000 pC acts insulation, in tens hours can significantly 
damage the hard component in isolation, leaving traces 
of burning it. Electric arc ignite in solid insulation at 

106107  pC loads of partial discharges. These values of 
partial discharges are impermissible neither during short 
overvoltages, nor during the isolation testing period. 
Partial discharge can occur not only on the surface 
structure (surface discharges), but and inside of the 
insulation  (internal discharges) (Fig. 3). 
 

(a)

(b) 

 

Fig. 3. Surface and internal partial discharges on the 
insulation 

 
Partial discharge, inside the dielectric, causes 
electromagnetic pulses, which oscillograms are shown 
in figure 4. (a, b) [5]. There are some similar amplitude 
and intensity of the pulses, in the positive and negative 
voltage half period. Diagram XY of older insulation is 
shown in oscillograph screen in figure 2. a. It can be 
seen that intensity is very high. A typical diagram is 
shown 2 fig. b.  
 

a) 

0 0

+

-  
b) 

0 0

+

-  
 

Fig. 4. XY diagrams of partial discharges: a - an intensive 
partial discharges, b - typical partial discharges 
 
The processes of partial discharges are not stable. 
Insulation of in operation equipment is permanently 
exposed to strong electromagnetic fields. By the 
influence of electrical field from outside, partial 
discharges process is more intensive and effective 
electric load (partial discharges level) is higher. Level of 
partial discharges varies differently, when the voltage 
level is increasing and decreasing [6]. Voltage is 
connected to the model and is increased to the 
maximum point. Amplitude of the partial discharges is 
gradually increasing and stabilises after some time 
(~15min). Reversible voltage is less than the initial 
voltage it is called "hysteresis" effect. This "hysteresis" 
effect consist from defect ionization. Mostly it is in the 
solid insulation of dielectric, where is the small damp.  
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4. Characteristics of the partial discharges  

 
The main parameter which define PD in solid insulation 
is apparent charge q. The apparent charge is usually 
expressed in picocoulombs (pC). 
PD pulse repetition rate n. This is ratio between the total 
number of PD pulses recorded in a selected time 
interval and the duration of this time interval. 
Pulse repetition frequency N - number of partial 
discharge pulses per second, in the case of equidistant 
pulses 
PD phase angle Φi and time ti of occurrence of a PD 
pulse is: 

 

,360
T

ti
i    (1) 

 
where: ti – time measured between the preceding 

positive going transition of the test voltage 
through zero and the partial discharge pulse; 

             T – the period of the test voltage. 
The phase angle is expressed in degrees (°).  
Average discharge current I - derived quantity and the 
sum of the absolute values of individual apparent charge 
magnitudes qi during a chosen reference time interval 
Tr divided by this time interval: 
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where:   Tr- reference time interval 

 qi – apparent charge magnitudes; 
  I – average discharge current. 

The average discharge current is generally expressed in 
coulombs per second (C/s) or in amperes (A). .  

Quadratic rate D - is the sum of the squares of the 
individual apparent charge magnitudes qi during a 
chosen reference time interval Tref divided by this time 
interval: 
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where: D – The quadratic rate is generally expressed in 
(coulombs)2 per second (C2/s). 

Discharge power P - that is the average pulse power fed 
into the terminals of the test object due to apparent 
charge magnitudes qi during a chosen reference time 
interval Tr: 
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where: ui – are instantaneous values of the test voltage 
at the instants of occurrence ti of the individual 
apparent charge magnitudes qi.; 
PDI – the discharge power is generally expressed 
in watts (W).  

Insulation useful life: 
 

di
d PB

R




0

 , (5) 

 
where: d – working time; 
The increase of PD reduces the operation time of 
insulation. The level of PD detected on start of motor 
exploitation is one of the main criteria of the safe 
operation time of insulation.  The regular registration of 
PD parameters could help early to detect the troubles in 
the insulation and make corresponding prognosis for 
obligatory repair works. 
 

5. Experimental investigation 
 

The 6 kV, 315 kW electric motor was chosen for this 
investigation. The partial discharges were detected in 
stator of the motor. The device LDP-5 was used for the 
measurements. Two experiments were performed in one 
month interval. The experimental scheme presented on 
figure 4.  
During the first experiment the apparent charge of PD 
was qmax = 17 pC, qvid = 9 pC. The period of 
measurement was 2 s, pulse repetition frequency N of PD 
N = 133 imp/s. 
 

 
 

 
 

Fig. 5. Experimental scheme: 1. Stator of electric motor; 
2. Surface of stator; 3. LDP-5; 4. Dielectric cylinder; 
5. Electronic oscillograph; 6. Laptop 
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Fig. 6. Voltage diagram in the first experiment 
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Fig. 7. Phase angle and partial discharges distribution in first 
experiment 
 
On the second experiment the apparent charge of PD 
was qmax = 110 pC, qvid = 62 pC. The period of 
measurement was 5 ms, pulse repetition frequency N of PD 
N = 233 imp/s. 
 

 

 
 

Fig. 8. Diagram of voltage on the second experiment 
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Fig. 9. Phase angle and partial discharges distribution in 
second experiment 
 
The results of these two experiments show that the 
apparent charge of PD aroused 84.54 %. When apparent 
charge of PD is bigger then 1000 pC, the renovation of 
the motor is obligatory. This limit will be achieved in 19 
months.  
 

6. Conclusions 
 
Partial discharge measurements performed in 
dependence of applied testing voltage seems to be very 
useful and progressive in the diagnostics of the state of 
stator insulation of high voltage rotating machines [7]. 
According to obtained results it is possible to determine 
the state of degrading insulation system. This method 
enables to reveal very dangerous internal discharges, 
which usually are at nominal values of testing voltage 
undetectable. 
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Abstract: The stage of renovation street lighting 
systems in Lithuania and especially in Vilnius is 
approaching. The evaluation model is proposed for 
lighting system power consumption saving potential 
investigation. The current high pressure sodium (HPS) 
lamps technology and some available light emitting 
diodes (LED) technologies are compared. Vilnius street 
lighting investigation shows the power consumption 
saving potential capability for available LED 
technologies. The lighting system evaluation model can 
be used for power consumption saving estimation of 
new proposed lighting system implementation. 

 
Keywords: Street lighting, energy saving, LED lighting 
technology. 

 
1. Introduction 

 
The necessity of street and road lighting in towns and 
villages is unquestionable. Lighting decreases accident 
rate and increases inhabitant security [1]. It improves 
the orientation in town, perception of architecture and 
landscape at night time. The inhabitants are sensitive 
about the town lighting quality and municipalities 
always are short of funds for lighting system renovation 
and good maintenance. Energy charges make the major 
part of maintenance cost. Historically the problem of 
reduction of the mentioned expenses has been solved 
using new lighting technologies related to progress in 
light source development. After beginning of town 
electrical lighting the replacements of lighting 
technologies continued during decades decreasing 
electrical energy consumption about 2 times and 
improving the quality of town lighting. 
The Vilnius example and the similar situation other 
Lithuanian towns show the new lighting technologies in 
Lithuania come a little later than in progressive 
countries but the change of technologies is considerably 
quicker than in Europe meanly without long transition 
periods. A good example of this is the fast change of 
lighting technologies in Lithuanian towns that have 
been carried out 10-15 years ago. Then the high 
pressure mercury lamp luminaires have been replaced 

by high pressure sodium lamp (HPS) luminaires. The 
average life time of street lighting luminaires is about 
15-20 years, so the time for renovation of lighting 
systems in Lithuanian towns is approaching. The 
question is arising if it is expedient to perfect the 
current lighting technologies or to use the new ones as 
light emitting diode (LED) technologies. The problem is 
an evaluation of street lighting systems especially for 
power saving capability is analyzed in [2, 3]. 
 

2. Model of street lighting system evaluation 
 
The task of street lighting on the one hand is to ensure 
safe traffic and orientation in the town at night and on 
the other hand to save electric energy for this lighting. 
Street lighting we can divide to three dependent stages: 

1. Light energy falling to road surface used for 
visual performance of lighted street. 

2. Light energy generated by light source. 
3. Electric energy used for light energy 

generation and control. 
Every stage is significant for fulfilling street lighting 
standards [4] final results and energy use for these 
purposes. In all of these stages we have energy 
transformations and distribution technological 
processes, which determine overall lighting technology 
effectiveness. 
The aim of this paper is to identify impact of factors to 
street lighting system energy use in mentioned above 
technological stages for present HPS lighting and new 
LED lighting. 

The main assumption is: 
1. The luminous flux falling to streets road 

surface is independent from the kind of 
lighting technology and is the same. In our 
calculations it is assumed 1000 lm. 

2. All energy losses and exceeded energy use is 
not useful and should be included into lighting 
system overall energy use. 

3. The energy losses and exceeded energy is 
calculated an effective luminous flux 
multiplying by factors dependent from lighting 

288



 

technology properties and probabilities of 
these factors action.  

The investigation model of street lighting technologies 
according to the assumptions mentioned above include 
effective use, losses and exceeded use of light and 
electric power presented in Table 1. 
Effective luminous flux (e) falling to the road surface 
is assumed equal 1000 lm and the same for each of 
technologies. All light or electrical losses and exceeded 
use can be calculated multiplying this effective 
luminous flux by factors and their action probabilities. 
Light source luminous flux can be calculated according 
to the equation: 
 

(1 )s e i iC P       (1) 

 
Light source power can be calculated as this luminous 
flux divided by its efficiency: 
 

/s s sP        (2) 

 
The street lighting system power use including power 
losses can be calculated according to the equation: 
 

(1 )sΣ k kP P C P     (3) 

  
Street lighting system efficiency can be calculated: 
 

/eΣ ΣP      (4) 

 
This model can be adopted and used for comparison of 
current and new lighting system proposed for 
renovation.  
 
Table 1. Main factors (C) and their action probabilities (P) 
included in the street lighting investigation model 

 

Description Factor Prob. Note
Effective luminous flux, 1000 lm   e 
Light dissipation losses Cd Pd  
Fitting optic losses Co Po  
Discontinuity exceeded use Ce Pe  
Maintenance exceeded use Cm Pm  
Light source luminous flux, lm   s 
Light source efficiency, lm/W   ηs
Light source power, W   Ps

Ballast power losses Cb Pb  
Network power losses Cn Pn  
Power use for control Cc Pc  
System power use, W   PΣ 
Lighting system efficiency, lm/W   ηΣ 
 

3. Evaluation of current and new street lighting 
systems 

 
According to this model the computing program 
adapted for current HPS and new LED street lighting 
technology has been carried out. The program lets vary 
input factors and their action probabilities dependent on 
technology particularity and its fulfilling quality. The 

output of program show losses and exceeded energy use 
in the stages of lighting technology mentioned above. 
An example of input data and calculation outputs of 
luminous fluxes for HPS lamps 70W, 100W, 150W, 
250W and 400W power is presented in Table 2. 
This stage lets evaluate light source luminous flux (s) 
necessary to ensure sufficient effective luminous flux 
(e) on road surface. In this stage we can evaluate light 
dissipation and fitting optic losses and the exceeded 
light use due to light source maintenance depreciation. 
 
Table 2. An example of HPS street lighting technology 
evaluation model inputs and calculated luminous fluxes 
 

Pl, W e, lm Dissip. Optics Discon. Maint. s, lm

70 1000 300 390 591.5 456.3 2737.8 

100 1000 300 390 496.9 437.4 2624.2 

150 1000 200 252 363.0 363.0 2178.0 

250 1000 120 235 268.3 324.7 1948.2 

400 1000 120 235 243.9 319.8 1919.0 

    Factors  

    Cd Co Ce Cm  
70   0.3 0.3 0.5 0.2  

100   0.3 0.3 0.42 0.2  
150   0.2 0.3 0.5 0.2  
250   0.15 0.3 0.66 0.2  
400   0.15 0.3 0.6 0.2  

    Probabilities  

    Pd Po Pe Pm  
70   1 1 0.7 1  

100   1 1 0.7 1  
150   1 0.7 0.5 1  
250   0.8 0.7 0.3 1  

400   0.8 0.7 0.3 1   
 
Discontinuity of light sources luminous flux is a cause 
of exceeded light use too. This factor makes strong 
effect if luminaires distribution in the street is not 
optimal. The result of calculated light source luminous 
flux and its efficiency lets calculate (2) light source 
power use for necessary effective luminous flux. 
The second stage is electric power use evaluation for 
HPS street lighting technology. Analogically this stage 
calculating model data is presented on Table 3. 
The lighting system power use consists of light source 
power use, ballast and network power losses. The 
lighting control power use in this evaluation is 
eliminated. It is realized by including probability of 
control factor action value “0” because current HPS 
street lighting systems in Lithuania are not dimmable 
now. 
The results of evaluation HPS street lighting technology 
are presented in Fig. 1 and Fig. 2. They indicate the 
more than two times better effectiveness in case of 
powerful 250W and 400 W lamps if they are installed 
for lighting wide roads and light losses are less. The 
efficiency is better than in case of 70 and 100 W lamps. 
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Table 3. Example of electric power calculation for HPS street 
lighting 
 

P, W Ps,W Ball. Netw. Contr. PΣ 

70 33.4 6.3 2.0 0.0 41.7 

100 27.1 4.1 1.6 0.0 32.7 

150 21.4 2.8 1.1 0.0 25.2 

250 17.1 1.7 0.8 0.0 19.6 

o400 15.2 1.5 0.7 0.0 17.4 

    Factors   

  ηs lm/W Cb Cn Cc   
70 82 0 0.1 0.03   

100 97 0 0.1 0.03   
150 102 0 0.1 0.02   
250 114 0 0.1 0.01   
400 126 0 0.1 0.01   

  Probabilities   
   Pb Pn Pc   

70  1 1 0   
100  1 1 0   
150  1 0.9 0   
250  1 0.8 0   
400  1 0.8 0   

 

The results of evaluation HPS street lighting technology 
are presented in Fig. 1 and Fig. 2.  
 

 
 

Fig. 1. HPS technology luminous fluxes dependence on lamp 
power 
 
LED lighting technology is on fast progress and is not 
enough standardized now. LED street luminaires can be 
arranged as large quantity array of separate LED’s 
(about 1 W) or less quantity of major power LED 
modules. The LED’s light differs by its spectrum from 
warm white Tc = 3000 K to cool white Tc = 6000 K. 

This technological difference has influence to LED 
efficiency and street lighting system losses, exceeded 
energy use factors and their action probabilities. 
 

 
 

Fig. 2. HPS lighting system power consumption for 1000 lm 
effective luminous flux 
 
Calculations of LED lighting system were carried out 
for these specific cases described as: 
L1 – large quantity of separate about 1 W power 
LED’s, Tc = 3000 K, Fig. 3 a [5]. 
L2 – less quantity of some W power LED’s modules, 
Tc = 3000 K, Fig. 3 a [5]. 
L3 – large quantity of separate about 1 W power 
LED’s, Tc = 6000 K, Fig. 3 b [6]. 
L4 – less quantity of some W power LED’s modules, 
Tc = 6000 K, Fig. 3 a [6]. 

 
a)      b) 

 

Fig. 3. LED luminaires: a) cases L1, L3; b) cases L2, L4  
 
The LED lighting technology characterises some 
advantages as less light dissipation and optical system 
losses. Very low available LED luminaire power steps 
(about 1 W) let minimise exceeded light use caused by 
power discontinuity in HPS technology. The light 
source efficiency makes the main influence to all 
lighting system efficiency. LED’s efficiency is in the 
range of 70 -130 lm/W now. LED’s technology 
development should raise its efficiency up to 200 lm/W 
[2] in the nearest future. LED lighting system 
evaluation model input data values have been included 
according to the last advantages of LED lighting 
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technologies. LED lighting system evaluation model 
input data values and results for four cases mentioned 
above are presented in Table 4 and Table5. 
 
Table 4. An example of LED street lighting technology 
investigation inputs values and calculated luminous flux  
 

Descr. e Dissip. Optics Discon. Maint. s
L1 1000 100 110 61 171 1442 

L2 1000 180 189 274 221 1864 

L3 1000 100 110 61 171 1442 

L4 1000 180 189 274 221 1864 

    Factors   

    Cd Co Ce Cm   

L1   0.1 0.1 0.1 0.15   

L2   0.2 0.2 0.2 0.15   

L3   0.1 0.1 0.1 0.15   

L4   0.2 0.2 0.2 0.15   

    Probabilities   

    Pd Po Pe Pm   

L1   1 1 0.5 0.9   

L2   0.9 0.8 1 0.9   

L3   1 1 0.5 0.9   

L4   0.9 0.8 1 0.9   

 
Table 5. The example of LED street lighting technology 
investigation inputs values and calculated power use 
 

Deskr. LED Ball. Netw. Contr. P 

L1 18.0 4.5 0.7 0.0 23.2 

L2 23.3 2.3 0.8 0.0 26.4 

L3 11.1 2.8 0.4 0.0 14.3 

L4 14.3 1.4 0.5 0.0 16.2 

  Factors  
 lm/W Cb Cn Cc  

L1 80 0.25 0.03 0.03  
L2 80 0.10 0.03 0.03  
L3 130 0.25 0.03 0.02  
L4 130 0.10 0.03 0.02  

 Probabilities  
  Pb Pn Pc  

L1  1 1 0  
L2  1 1 0  
L3  1 1 0  
L4  1 1 0  

 
The results of LED street lighting technology evaluation 
are presented in Fig. 4 and Fig. 5. They indicate the 
better effectiveness of cases L3, L4 LED technology. 
The main cause of this is higher light efficiency of cool 
white LED’s and less influence of other factors. 
Comparison of HPS and LED technology system power 
consumptions for the same effective luminous flux 
show not all LED technologies have advantages against 
HPS technologies. It is more evident for powerful HPS 
lamp. 

 

 
 

Fig. 4. Luminous fluxes for different LED lighting 
technologies  

 

 
 

Fig. 5. System power consumption of LED technology 
for 1000 lm effective luminous flux 
 
The expediency of new LED technology 
implementation depends on the current situation in the 
street (kind of light source, luminaire unit power, 
maintenance time etc.) and properties of particular LED 
technology. Now LED technologies are in the stage of 
fast development and there is large variety depending 
on luminaire design, optic system, light spectrum, LED 
light output etc. 
 

4. Evaluation of available Vilnius street lighting 
renovation project 

 
Proposed street lighting investigation model have been 
used for evaluation of energy saving potential in Vilnius 
street lighting renovation project. Vilnius streets are 
lighted using HPS technology now. The current HPS 
lamp power structure of Vilnius lighting system is 
presented in Table 6. 
Vilnius street lighting system consists of large range 
different quantities standard HPS lamps. Each the same 
power lamp group has its own specific lighting system 
efficiency (Si) calculated by equation (4). The 
proposed model lets calculate system efficiency (L) 
for new expected LED technologies too. 
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Table 6. Vilnius street lighting HPS luminaires and their 
power use 
 

Lamp 
power, 

W 

Luminaire 
quantity 

Power use 
including 

losses, kW 

Power 
percentage 

70 17485 1439,0 28 
100 2236 268,6 5 
150 11189 1879,8 37 
250 4950 1348,9 26 
400 483 210,6 4 

Total 36343 5146,9 100 
 
As an example, for this evaluation the calculations have 
been carried out for four different available now LED 
systems (L1,L2,L3,L4) each of them can replace the 
current HPS system. Power cosumption of group LED 
technology (for example L1) luminaires that replaced 
HPS lamps (Si) can be calculated by: 
 

L1i Si ΣL1 ΣSi( )P P         (5) 

 
New LED lighting system power consumption can be 
calculated as the power sum of all replaced luminaire 
groups. The results of evaluation for replacing the 
current HPS (S) system by one of available replacing 
LED (L1,L2,L3,L4) system for Vilnius city are 
presented in Fig.6 
 

 
 

Fig. 6. Power consumption of Vilnius lighting system by  the 
current HPS (S) technology and available LED (L) 
technologies 
 
The evaluation results show not all LED lighting 
systems (for example L2) can save electric power for 
street lighting. For more detail evaluation of lighting 
systems the potential of power saving for lamp group 
and total system saving is presented in Table 7. 

This investigation example is presented for the current 
HPS lighting technology in Vilnius and available now 
LED technologies that can be implemented during 
lighting system renovation. In the bid process proposals 
of LED technologies can be characterized by other 
values of lighting system factors. Including these ones 
in the lighting system evaluation model enable to 
calculate power saving potential of proposed system. In 
case of several proposals they can be compared by 
capability of power saving potential. It is important for 
quality estimation of proposed LED lighting system. 
 
Table 7. Power consumption saving after replacement of HPS 
by available LED technology in Vilnius 
 

Pl,W L2 L1 L4 L3 

70 504.1 619.8 868.6 938.7 

100 45.8 73.3 132.7 149.4 

150 -131.1 117.8 652.9 803.7 

250 -503.2 -274.0 218.9 357.8 

400 -113.9 -73.7 12.6 37.0 

Total,kW -198.3 463.2 1885.8 2286.5 
 
The percentage of savings presented in Fig.7. show the 
20-60 % power consumption saving for 70 W and 
100 W HPS luminaires replacement by LED luminaires.  
 

 
 

Fig. 7. Saving of power consumption for HPS replacement by 
LED technology in Vilnius  
 
The only available now advanced LED technologies can 
save power consumption of all power range HPS 
luminaries replacement. In Vilnius lighting system HPS 
technology replacement by LED technology estimates 
up to 45% of power consumption saving. Extra saving 
should be achieved by light dimming including full 
LED lighting system control. It is the scope of future 
investigation. 
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5. Conclusions 
 

The energy saving for street lighting needs 
implementation of new more effective lighting 
technologies. The model for evaluation and comparison 
of lighting system power consumption saving potential 
is carried out and should be used for proposed lighting 
system renovation quality estimation. The current HPS 
street lighting technology replaced by available LED 
technologies predicts the 20-60 % power consumption 
saving for 70 W, 100 W HPS luminaires. Vilnius street 
lighting investigation shows the power consumption 
saving potential capability should be up to 45% for 
advanced LED technologies only.  
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Abstract: The study is devoted to experimental light 
quality investigation and evaluation of compact 
fluorescent lamps (CFL) that are being used in 
Lithuania for incandescent lamps replacement. 
Correlated colour temperature and chromaticity 
coordinates of 20 W CFLs was measured and 
comparison with white light sources was made. 
Research of above-mentioned light quality parameters 
in warm-up time of CFLs was carried out. 
 
Keywords: Compact fluorescent lamp, CFL, light 
quality, colour temperature, chromaticity coordinates. 

 
1. Introduction 

 
Due to EU decision to phase out the sale of 
incandescent light bulbs in favour of more efficient light 
sources, compact fluorescent lamps (CFLs) became 
mostly used light sources for incandescent lamps 
replacement. Progressive countries promote consuming 
of CFLs using economic incentives and presenting 
widest possible information to consumers about CFL’s 
strengths and weaknesses [1].  
In Lithuania market vendors emphasize the advantages 
of CFLs such as up to 8 times bigger light output 
comparing with incandescent lamps, up to 10 times 
longer lifetime. Non-sine current, longer warm-up time, 
disposal problems, bigger ultraviolet radiation than of 
an incandescent lamp and other disadvantages are 
usually glossed over due to commercial reasons or lack 
of knowledge in this field. Large amount of such 
information among consumers are in a state of rumour 
leading to lack of confidence in CFLs and limiting their 
use. Despite their benefits of energy efficiency, long life 
and potential cost savings over lamp life, consumers are 
not very enthusiastic about buying CFLs. As major 
barriers to the acceptance of CFLs, people usually refer 
to light quality issues like colour, warm-up time, light 
output [5]. 
The aim of this study is to investigate and evaluate light 
quality parameters of the CFLs that are currently on the 
Lithuania market. It is important for Lithuanian 
consumers because published results of CFLs are 
neither linked to products of specific manufactures [1] 

nor used for lamps that consumers usually are able to 
buy in Lithuania [2, 3, 4, 5]. 
This work is follow-up of investigation of CFLs which 
results were presented in [6, 7]. 
 

2. Materials and methods  
 
Randomly selected 27 screwbased CFLs with electronic 
ballasts from Philips, Vagner SDH, Brilum, GE, 
Kanlux, Samsung brands were investigated in this work. 
All lamps were of the same 20 W wattage and designed 
(as declared) to replace 100 W incandescent lamps. 
CFLs was divided into 6 type groups according to 
manufacturer (A, B, C, D, E, F) and subgroups 
according to lamp design (Fig. 1.). Lamps of two types 
(B2 and F3) had covering glass bulbs.  

 
 
Fig. 1. Types of investigated compact fluorescent lamps  
 
Declared rated values of CFLs such as voltage UN, 
current IN, luminous flux ΦN, lifetime N and correlated 
colour temperature (CCT) are presented in Table 1.  
The experimental equipment included the black painted 
interior box with CFL fixture and photometer head 
inside (Fig. 2). Lamp flux, CCT and chromaticity 
dependencies on warm-up time were measured with the 
Konica Minolta CL–200A photometer. Obtained results 
were recorded and processed on personal computer 
(PC). The interior temperature of the box was monitored 
with the digital thermometer Mastech MS8264. Lamp 
voltage was monitored with the electrodynamic 300 V, 
0,2 accuracy class voltmeter of 7071 Ω internal 
resistance. 
The average values and standard deviations of obtained 
measurement results were calculated by using statistical 
methods. 
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Table 1. Declared rated values of investigated 20 W CFLs 
 

Lamp 
Type ID 

UN 

(V) 
IN 

(mA) 
ΦN 

(lm) 
N  
(h) 

Quan-
tity 

A1 230–240 130 1100 6000 3 
A2 230–240 145 1100 8000 1 
B1 220–240 – 1160 6000 3 
B2 220–240 – 980 6000 1 
C1 220–240 192 1152 6000 2 
C2 220–240 192 1152 10000 2 
C3 220–240 192 1152 6000 2 
D1 230 133 1200 10000 3 

D2 * 230 133 1200 10000 3 
E 220–240 140 1200 8000 1 
F1 220–240 143 1160 8000 2 
F2 220–240 141 1160 8000 2 

F3 ** 220–240 165 1158 8000 2 
Remark: * – CCT 4000 K, ** – CCT 3500 K, other lamps – 
CCT  2700 K. 
 

 
Fig. 2. Experimental equipment setup 
 

3. Investigation of warm-up time  
 
The light output dependency on warm-up time was 
investigated. CFLs were connected to rated voltage of 
230 V.  
Preliminary measurements showed that light output of 
all CFLs changed less than 1 % after 10 minutes from 
the start when ambient temperature was about 22–25°C. 
These changes occurred mainly due to heat convection 
processes around the lamp. Therefore this light output 
can be considered as stable. 
Measurements of light output were made every 5 
seconds from the start for 10 minutes period. Then light 
output was considered as constant and relative values 
were calculated on its basis.  
The dependency of the average relative light output on 
warm-up time of all tested CFLs is presented in Fig. 3.  
It can be seen that all lamps started with about 40 % of 
stable light output averagely.  
The light output of 80 % was reached after 40 s 
averagely with standard deviations from 20 s to 145 s. 
The shortest warm-up time was found of C1 lamp which 
80 % of stable light output reached in 10 s. The longest 
warm-up was of one F3 bulb shape lamp which the 
same percentage of light output reached only after 
370 s. The 100 % of relative light output was reached in 
from 35 s to 9 min considering all lamps. 
These significant deviations showed big variations 
among CFLs of different manufacturers. The fastest 
(manufacturer C) and the slowest (manufacturer F) 
warm-ups with standard deviations are presented in 
Fig. 4 and 5. Their lamps 80 % of stable light output 
reached after 25 s and 115 s respectively.  
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Fig. 3. Average relative light output versus warm-up time of 
all tested CFls 
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Fig. 4. Average relative light output versus warm-up time of 
all C type CFLs 
 
The phenomenon when light output during warm-up 
reached up to 14 % over stable (as it can be seen in 
Fig 4.) was found. This can be explained by thermal 
processes inside and outside of the lamp tube. Gas 
inside the tube, which pressure mainly influents the 
light output, and the glass of the tube heat quicker than 
the release of heat to environment. This is more 
noticeable for CFLs with smaller diameter of the tube 
(9–10 mm). 
The slight warm-up time dependency on CFL position 
was also found. Lamps positioned downward 80 % of 
stable light output reached averagely 10 s quicker than 
positioned upward.  
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Fig. 5. Average relative light output versus warm-up time of 
all F type CFLs 
 
Investigation of warm-up times of some CFLs fed with 
lower and higher voltage than rated (210 V and 240 V) 
did not show any significant differences from the above 
results. Obtained light outputs were a little bit smaller or 
higher when fed with lower and higher voltage 
accordingly but voltage of discussed range did not affect 
much the relative light output dependencies on warm-up 
times. 
From the measurement results we can state that there 
are significant variations in warm-up times among CFLs 
of different manufacturers. Variations also present 
among lamps of the same type. Warm-up times of some 
CFLs can be quite long. The short-time modes are not 
effective for them. Therefore consumers should not use 
them in the places where lighting is needed for a short 
time.  

 
4. Investigation of correlated colour temperature 

 
The colour of “white light” can be expressed by 
correlated colour temperature (CCT) in the unit Kelvin 
(K). The CCT is defined as the temperature of the 
radiating Black body whose perceived colour most 
closely resembles that of a given stimulus at the same 
brightness and under specified viewing conditions. The 
CCT is commonly used for practical purposes and lamp 
manufacturers usually label it on lamp packages.  
The tested lamps had rated CCTs of 2700 K, 3500 K 
and 4000 K (Table 1.). Measurements of CCT were also 
made every 5 seconds from the start for 10 minutes 
period. Results of investigation of CCT dependency on 
lamp warm-up time are presented in Fig. 6.  
It can be seen that CCT of the tested CFLs little 
changed during warm-up. The smallest change was 
observed of D2 type lamps with 4000 K rated CCT. 
During whole warm-up process the CCT of those lamps 
changed about 4,3 % averagely. The CCT of lamp 
group with rated 2700 K changed more – about 7 % 
averagely. The biggest 22 % changes in CCT during 
warm-up were observed of the F3 lamps with rated 
3500 K.  
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Fig. 6. Average CCT versus warm-up time of all CFLs. 
Dashed lines represent rated CCT of 2700 K, 3500 K and 
4000 K 
 
Variations in CCT among manufacturers as well as 
within the same lamp type were not found to be big. 
Fig. 7 illustrates the obtained deviations among tested 
CFLs of the same rated CCT.  
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Fig. 7. Mean values and Standard Deviation of CCT for 
different lamp types. Solid lines represent CCT of 2700 K, 
3500 K and 4000 K 
 
Stable CCT of tested CFLs did not differ much from 
declared values. As it can be seen from Table 2 standard 
deviations of stable CCT did not exceeded 5 % from the 
nominal.  
 
Table 2. Results of measured stable CCT of all CFLs 
 

Rated CCT 
(K) 

Measured 
Mean of 

CCT  
(K) 

Measured 
Standard 

Deviation of 
CCT  
(%) 

Standard 
Deviation 
from rated 

CCT  
(%) 

2700 2728 4,8 4,8 
3500 3473 1,6 2,0 
4000 3887 1,1 3,5 
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Results of investigation of CCT dependency on voltage 
for some lamps are presented in Fig. 8. When voltage 
changed from 210 V to 240 V, CCT changes did not 
exceeded 3,8 %. While the change of CCT of 
incandescent lamp, which was also measured for 
comparison, was over 7 %. 
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Fig. 8. CCT versus voltage of some tested CFLs 
 
Evaluating results of the measurements we can state that 
CCT was quite stable parameter. Variations among 
manufacturers were not significant. CCT of tested CFLs 
did not differ much from rated values declared on lamp 
packages. 
 

5. Investigation of chromaticity coordinates 
 
Chromaticity is more complete way of describing and 
quantifying colour than CCT. Chromaticity coordinates 
are related to spectral power distribution of the CFL. 
Lamps with the same chromaticity coordinates will 
always be and look the same in colour while light 
sources with different CCT may appear the same.  
Evaluating light quality from the point of colour 
according to [8, 9, 10] chromaticity coordinates of CFLs 
should not be outside the tolerance areas plotted in CIE 
chromaticity diagram. The tolerance areas are defined 
by MacAdam ellipses of 5 SDCM (standard deviation of 
colour matching) also known as 5-step colour ellipses 
[8]. A MacAdam ellipse is a standardized elliptical 
region on the CIE chromaticity diagram that bounds 
acceptable levels of chromaticity variance from standard 
white light source of nominal CCT. A 1-step MacAdam 
ellipse would represent a region plotted on a 
chromaticity space diagram around the centre of the 
ellipse showing where colours are perceived to be the 
same by the average viewer. So 5-step ellipse is 5 times 
larger. In other words a colour difference that is 5 times 
more than the minimum colour difference the average 
viewer can see [11]. 
American standard [9] and Energy Star Program [10] 
define that 7-step MacAdam ellipses should be used for 

evaluation of CFL chromaticity, possibly narrowing to 
4-steps in the future. Seven-step ellipses would be larger 
than 5-step resulting bigger tolerance area on CIE 
diagram while 4-step ellipses would be smaller. Some 
major lamp manufacturers declare that they stay within 
3-step ellipses emphasizing the higher standards applied 
to lamps they produce [12]. The chromaticity tolerances 
vary among manufacturers for several reasons like 
colour matching to existing lamps, phosphor 
preferences, perceived colour preferences by customers. 
The part of the CIE chromaticity diagram with the 
plotted 5-step tolerance areas and coordinates of IEC 
standard white sources of nominal CCTs according to 
[8] are presented in Fig. 9.  
The results of measurement of chromaticity coordinates 
in stable mode are also presented in Fig. 9. As it 
illustrates chromaticity coordinates of the most of the 
tested lamps were within tolerance areas according to 
rated CCT. While coordinates of 7 lamps (some B2, 
some C2, all F1 and all D1 types) were found to be 
outside these areas. In the Fig. 9 we can see that 
variations in chromaticity coordinates existed among 
manufactures as well as among lamps of the same type. 
It seems that it is not easy for some manufacturers to 
control the colour of the lamps they produce. Different 
lamps of the same wattage from the same manufacturer 
may produce different colours of light that can be 
noticed by consumer.  
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Fig. 9. Chromaticity coordinates of tested CFLs 
 
Results of chromaticity coordinates dependencies on 
warm-up time of CFLs are presented in Fig. 10. 
Measurements were made with the same 5 seconds 
interval for 10 minutes period method. 
When lamps warmed-up, chromaticity coordinates 
changed. The shift of chromaticity coordinates of cooler 
colour lamps (4000 K and 3500 K) averagely started 
from pinkish region of chromaticity diagram outside the 
tolerance areas. Coordinates of warmer colour lamps 
(2700 K) shifted from yellowish region. The speed of 
the process can also be observed in Fig. 10. 
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Fig. 10. Shift of the average chromaticity coordinates during 
warm-up of tested CFLs. Arrows show direction from the start 
 
The chromaticity coordinates dependency on voltage 
was also found. Fig. 11 illustrates the results for some 
CFLs. One can notice a slight shift of coordinates 
toward smaller x and bigger y values when voltage 
increased from 210 V to 240 V. The shift of the 
coordinates of the incandescent lamp was also measured 
for comparison and presented on this figure. Its 
chromaticity coordinates both shifted to smaller x and y 
following the locus of the Black body radiator. 
Coordinates of B1 lamp stepped outside the tolerance 
area when voltage decreased.  
 

6. Conclusions 
 

Investigation of warm-up time of CFLs showed the 
average time to reach 80 % of stable light output to be 
40 seconds. Variations among lamps were from the 
shortest 10 s to the longest 370 s.  
CFLs labelled with the same rated CCT showed good 
conjunction of the stable CCT. Standard deviation did 
not exceed 5 %. CCT changed less than 3 % while 
voltage changed from 210 V to 240 V.  
Investigation of chromaticity coordinates showed that 7 
(25 %) of the tested CFLs did not hit the target of 5-step 
chromaticity tolerance area. Shift of chromaticity 
coordinates due to change of voltage was also observed. 
 

7. Acknowledgment 
 
Authors of this paper would like to thank the Research 
Council of Lithuania for financial support giving 
possibility to use measuring equipment. 
 

8. References 
 
1. Screwbase Compact Fluorescent Lamp Products. 

Energy–Efficient Alternatives to Incandescent 
Lamps. The National Lighting Product Information 
Program., Vol. 12, No. 1, Light Research Center, 
Rensselear Polytechnic Institute, Troy, NY, 1999, p. 
44. 

0,380

0,400

0,420

0,380 0,400 0,420 0,440 0,460 0,480
x

y Blackbody Locus

Tolerance area for
colours:
F 2700 K

F 3500 K

B1

D1

F3

Incandescent lamp

 
Fig. 11. Shift of the chromaticity coordinates depending on 
voltage of some tested CFLs 
 

2. M. Khazova, J. B. O'Hagan. Optical Radiation 
Emissions from Compact Fluorescent Famps. 
Radiation Protection Dosimetry (2008), Vol. 131, 
No. 4, pp. 521–525. 

3. Jennifer A Veitch, Shelley L McColl. Modulation of 
Fluorescent Fight: Flicker Rate and Light Source 
Effects on Visual Performance and Visual Comfort. 
Lighting Research and Technology, Vol. 27, No. 4, 
243–256. 

4. AD Nuzum-Keim, RD Sontheimer. Ultraviolet Light 
Output of Compact Fluorescent Lamps: Comparison 
to Conventional Incandescent and Halogen 
Residential Lighting Sources. Lupus 2009; 18: 556-
560. 

5. Increasing Market Acceptance of Compact 
Fluorescent Lamps (CFls). Final project report. 
Light Research Center, Rensselear Polytechnic 
Institute, Troy, NY 12180, 2003. Url: 
http://www.lrc.rpi.edu. 

6. Otas K., Vaskys A., Vaskys P. Research and 
Evaluation of the Compact Fluorescent Lamp 
Parameters. Proceedings of International Conference 
“Electrical and Control Technologies – 2010”, 
Kaunas, 2010. p. 13-16 (in Lithuanian). 

7. Otas K., Vaškys A., Vaškys P., Investigation of 
Compact Fluorescent Lamps Electromagnetic 
Radiation. Proceedings of the XX International 
Conference on Electromagnetic Disturbances EMD 
2010. Kaunas: Technologija, p. 95-98. 

8. IEC 60081 International Standard. Double-capped 
Fluorescent Lamps – Performance specifications. 
Edition 5.1. 2002-05. 

9. NEMA ANSI ANSLG C78.377-2008. American 
National Standard for Electric Lamps – 
Specifications for the Chromaticity of Solid State 
Lighting Products. 

10. ENERGY STAR Program Requirements and 
Criteria for CFLs – Version 4.1. 03/07/2008. 

11. Wood M. When White Light Isn’t White. //. 
Protocol. Volume 13. Number 3. 2008. 

12. Official website http://www.sylvania.com. 

 

298



 

The 6th International Conference on 
Electrical and Control Technologies 
May 5-6, 2011, Kaunas, Lithuania 

 

 INVESTIGATION OF CHANGES IN POWER GENERATION  
IN WIND POWER PARKS 

 
 

Rimantas Pranas DEKSNYS, Aldas STANKEVIČIUS 
Dept. of Electric Power Systems, Kaunas University of Technology, Lithuania 

 
 
 
Abstract: Wind power generation by wind power 
plants, parameters and distribution of variations in wind 
power generation, dependency of the correlation 
coefficient of variations in power generation on the 
power generation averaging time steps, wind speed and 
direction have been examined, and their values have 
been found. The inter-correlation of wind power 
generations between wind power parks and that 
between capacities and system loads were determined. 
 
Keywords: Wind power parks, operating regime, 
correlation, standard deviations. 
 

1. Introduction 
 
Accomplished research and review of wind power 
plants operating in power systems of EU countries, 
studies performed by different companies and 
international organizations as well as public statistical 
data suggest that in Europe, development of wind power 
plants is gaining pace. In view of increasing number of 
wind power plants, a highly-variable and only partially 
predictable power generation by wind power plants 
leads to different concerns for power systems, as they 
burden assurance of constant balance between the 
power generation and consumption in the system, 
exchange of power generation and trade with 
neighbouring countries [1]. Consequently, power 
system requires for additional operating power reserve, 
necessary for ensuring a reliable operation of entire 
power system. 
To ensure a successful integration of wind power plants 
into power systems, it is highly important to increase 
capacity of transmission networks, but more than that to 
have improved technologies of wind power plants and 
possibility to regulate variable power generation of 
wind power plants. In order to ensure reliable and safe 
operation of power system and utilize renewable wind 
energy as efficiently as possible, it is necessary to have 
reliable indicators and characteristics of wind power 
plants operation enabling to integrate these power plants 
into the power system and preventing  from additional 

problems or constraints of power systems regimes 
control. 
 

2. Object of the research 
 
The following wind power parks (WPP) operating in 
Lithuania and built in its Western part at the seaside 
area of the Baltic Sea were selected as the object of the 
research: Benaičiai wind power park (with the installed 
capacity of 16.5 MW), Sūdėnai wind power park 
(14 MW), and Vėjas I (30 MW) with the coordinates 
56.097, 21.265, 56.087, 21.225 and 55.949, 21.172, 
respectively. Distance between WPPs Benaičiai and 
Vėjas I (Rūdaičiai village) is 18 km, and between WPPs 
Sūdėnai and Benaičiai – 3 km.  
For the purpose of research, measured data of maximum 
changes in power generation over the following time 
periods of the year 2009 and measured loads of 
Lithuanian power system over the same time periods 
were selected: 
 I measurement period 28/03/2009–04/04/2009 (7 
days); 
II measurement period 25/04/2009–07/05/2009 (12 
days); 
III measurement period16/05/2009–28/05/2009 (12 
days); 
IV measurement period 16/07/2009–22/07/2009 (6 
days). 
Lithuanian power system loads and power generation 
by WPPs within selected periods of time were 
calculated for 1-s time steps with the exception of 
Sūdėnai WPP – its power generation was calculated for 
1-min. time step. Measurement data on 1-s step changes 
allow for investigation of power generation process of 
wind power plants by changing time intervals of power 
generation averaging. 
 
3. Fluctuations in power generation by wind power 

plants 
 
Its is recommended to develop WPPs in as wide area as 
possible in such a way that electric power transmission 
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networks are uniformly loaded in order capacity of 
power networks is fully utilized. Currently in Lithuania 
wind power parks are being built as close to the seaside 
as possible, i.e., in the area of stronger winds, at the 
distance of several tens of kilometres from each other. 
Analysis of power generation by the wind power plant 
reveals that amount of generated power fluctuates in a 
wide range from minimum to maximum possible values. 
Such a variance of parameters might be considered to 
be random, and it might be subject to stochastic analysis 
with the aim to determine distribution types, average 
values, standard deviations, correlation coefficients, etc. 
Variation in power generation might be determined as 
follows: 
                                iii PPP  1 ,                            (1) 

 
where Pi and Pi+1 – average power generation over 
consecutive selected time steps. 
The following formula is used to determine standard 
deviations of variation in power generation: 
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where n – number of measurements made under 

research, P – average value of variation of power 
generation, that in this particular case is equal to zero. 
The following formula is used to determine correlation 
coefficient between power generation of two WPPs [2]: 
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where ΔP1i and ΔP2i – the ith variation in power 
generation of the first and second parks, respectively. 
The theoretical total standard deviation of random 
processes of two objects, i.e., P1 and P2, is as follows 
[3]: 
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For the purpose of investigation of WPP generation 
process and its influence on electric power system, 30 s 
and 15 min. step changes in average power generation 
were selected, as they are necessary for activation of 
primary and secondary reserves of power generation, as 
well as for frequency and power generation control. 
Hourly variations in power generation were investigated 
too. 
 
4. Research of fluctuations in wind power generation 

by WPPs  
 
For the purpose of assessing variations in power 
generation by WPP, a research was undertaken based 
on data for individual measurement periods and on the 

entire data volume. Array of all the data of average 
power generation for 30 s time steps was comprised of 
107343 values, and for 15 min. time steps – of 3573 
values. Figures 1 to 2 and Table 1 present calculation 
results. 
 

 
 

Fig. 1. Distribution of variations in average power generation 
for 15 min. of power generation by wind power parks 
 
Analysis of results obtained (see Fig. 1, Table 1) shows 
distributions of variations in power generation to be 
normal ones with the average value of zero and standard 
deviations (σ) of WPP Vėjas I being 1.25 MW, and total 
deviation of all the parks under consideration being 
2.05 MW. However, total standard deviation of all the 
WPPs under consideration of 3.39% is lower than each 
of individual standard deviations of WPP power 
generation. The maximum increasing variation for WPP 
Vėjas I is 13.0 MW, while decreasing one – 11,3 MW. 
The maximum increasing variation of all the WPPs 
under consideration is 18.8 MW, while decreasing one 
–22.4 MW. 
Such data imply that confidence interval 6.15 MW for 
3σ does not exceed one third of the maximum change in 
power generation, consequently such a confidence 
interval might be insufficient for analysis of operation 
regimes of wind power plants. 
 
Table 1. Parameters of variations of WPP power generation 
 

Wind 
Power 

Park and 
Installed 
Capacity  

Interval of power generation averaging 

15 min. Time Step 

Standard 
Deviation 

Maximum Change in Power 
Generation 

+ΔP –ΔP 

MW  MW  MW  

Vėjas I,  
30 MW 

1,25 4,20 13,0 43,3 11,3 37,7 

Benaičiai, 
16,5 MW 

0,81 4,48 5,11 30,0 9,75 59,1 

Sūdėnai, 
14 MW 

0,74 5,29 6,34 45,3 6,67 47,6 

Bendras, 
60,5 MW 

2,05 3,39 18,8 31,1 22,4 37,0 
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Analysis of correlation coefficients of fluctuations in 
power generation by different wind power parks 
showed that during the selected periods of time, 
correlation of WPP power generations was positive and 
varied in range of 0.14 to 0.68, and correlations among 
parks and loads were mainly negative and varied in 
range of -0.11 to 0.03. Such values of correlation 
coefficients serve as evidence that development of wind 
power parks will lead to increased variations in power 
generation within the entire power system and will 
require additional operative power reserves [4]. 
Furthermore, current research shows correlation of 
power generation during different periods of time to be 
the same and only slightly different in numerical value, 
consequently for further research power generation 
measurement data of all the time periods under 
consideration should be used. 
Investigation of different step changes in WPP power 
generation and calculations using all the measurement 
data (Fig. 2) showed that correlation coefficients of 
changes in 30 s time-step average power generation 
between the two WPPs under research were positive, 
very low, and below 0.01, whereas those between 
WPPs and load were negative and amounted to minus 
0.04. In this particular case, changes in power 
generation under research might be considered 
uncorrelated. Moreover, standard deviations of power 
generation variations are low therefore system 
frequency control requires relatively low primary power 
reserve. However, values of correlation coefficients of 
15 min. time step average power generation variations 
among three WPPs are significantly higher, positive, 
and vary in range of 0.21 to 0.53. The highest 
correlation of power generation fluctuations was found 
between adjacent WPPs Benaičiai and Sūdėnai, 
whereas correlation between WPPs and loads was 
found to be negative and in range of minus 0.05 to 
minus 0.09. Correlation of power generation for this 
particular time step is considered to be strong enough, 
and standard deviations of power generation variations 
are several times those of the 30 s time step, too (Table 
1), what in turn implies that balancing of wind power 
generation requires a secondary power reserve to be 
several times greater. 

 
 

Fig. 2. Correlation of different time-steps average power 
variation between wind power parks and between wind power 
parks and the system load  

With the increasing time step of averaging, the 
correlation coefficients increase furthermore, and 
correlation coefficients of 1-hour time step power 
generation among wind power parks are positive and 
vary in range of 0.60–0.81, whereas those between 
parks and loads range from minus 0.06 to minus 0.12. 
 

5. The effect of wind direction on the wind power 
generation by WPPs  

 
For the purpose of determining the dependence of wind 
power generation on wind direction, measurements of 
winds were taken in the territory of Benaičiai WPP at 
the height of wind turbines (85 m) of wind power 
generation units. Based on these findings, a Wind Rose 
was made (Fig. 3) where wind time step and average 
wind speed were depicted based on wind direction as 
dimensions (h). It was found that in Lithuania, at the 
seaside, winds predominantly occur in Western-
Southern sector with the average wind speed of 6.3–
8.1 m/s. The most stable wind in this sector was found 
to be of WSW direction, with the average wind speed of 
7.6 m/s. Sufficiently strong winds of E and ESE 
directions may also occur, with the average wind speed 
of 8.3 m/s, however they are transient. 
 

 
 

Fig. 3. Wind Rose based on Time 
 
Measured wind speed values and calculations allow to 
determine minimum distances between WPPs for which 
a research of influence of power generation variation is 
purposeful using the following formula: 
 

WPpark vt  ,  (5) 

 
where tP – time step of wind power generation 
averaging, vW – wind speed. 
In this particular case, under selected 15 min. time step 
of wind power generation averaging, the minimum 
distance between WPPs has to be at least 3.9–7.3 km, 
depending on the wind speed. Consequently, it’s worth 
examining interdependencies of changes in wind power 
generation by the wind power parks that are more 
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distanced from each other, i.e., WPPs Vėjas I–Benaičiai 
and Vėjas I–Sūdėnai, as distance between WPPs 
Benaičiai and Sūdėnai is only 3 km. 
To find total probability parameters of wind direction 
effect on changes in WPP wind power generation, 
arrays of 15 min. step changes in average power 
generation were made with respect to wind directions. 
Power generated by the average hourly wind speeds of 
up to 4 m/s was not included into data arrays, as wind 
power plant operation under minimum wind speeds 
often happens to be very unstable, and due to wind’s 
locality and technical and regime reasons of WPP can 
misrepresent effect of wind direction in the research. 
Research results (Table 2) show that wind direction has 
a sufficiently significant effect on WPP power 
generation changes, and both correlation and standard 
deviations of wind power generation variation achieve 
highest values at perpendicular wind direction to WPP 
deployment line, and lowest values – at wind blowing 
in a direction of WPP deployment line. In case of WPPs 
Vėjas I – Benaičiai, the lowest correlation coefficient is 
0.11, the highest – 0.51, and in case of WPPs Vėjas I – 
Sūdėnai – 0.07 and 0.45, respectively. The lowest 
standard deviations of WPP power generation variations 
examined under the same wind directions, were found 
to be 3.01% and 2.95%, and the highest – 4.95% and 
4.77%, respectively. Relative standard deviations of 
variations of total power generation of two WPPs were 
found to be lower than those of variations of total power 
generation of each WPP individually at almost all wind 
directions (Table 2). 
 
Table 2. Parameters of WPP wind power generation changes 
based on wind directions 
 

Wind 
Power 
Parks 

Para
meter
s 

Wind Directions 

S SSW W WNW 

Vėjas I σ,  2,66 5,33 5,00 3,33 

Benaičiai σ,  6,06 6,06 6,66 4,84 

Sūdėnai σ,  5,00 7,14 6,42 4,29 

Vėjas I 
Benaičiai 

r12 0,11 0,24 0,51 0,20 

σ12,  3,01 4,52 4,95 3,22 

σ* ,  2,97 3,61 3,78 3,03 

Vėjas I 
Sūdėnai 

r12 0,07 0,13 0,45 0,35 

σ12,  2,95 4,55 4,77 3,18 

σ* ,  2,84 3,75 3,84 3,17 

 
It was also found that the total standard deviation of two 
WPPs, σ*, based on the formula (4), is different from 
the experimental standard deviation σ12, and is lower at 
all directions of wind. In this particular case being 
calculated, the maximum discrepancies were found 
under the wind direction perpendicular to WPP layout 
line, and amounted to approx. 24 percent in case of 
WPPs Vėjas I – Benaičiai, and to approx. 20 percent in 
case of WPPs Vėjas I – Sūdėnai (see Table 2). 

Calculations of power system regimes and determination 
of effect from wind power parks and range of their power 
generation variations as well as operating power reserves 
requires assessment of effect determined by wind direction 
and geographical deployment of wind power parks. 
Standard deviations of WPP wind power generation and 
their dependence on wind direction must be determined in 
advance in every particular case. 
 

6. Conclusions 
 
1. 30 s step changes in average power generation by wind 

power parks are reported to correlate weakly, and their 
standard deviations – to be low, therefore primary 
power regulation reserve is expected to grow only 
slightly.  

2. Values of correlation coefficients and standard 
deviations for 15 min. step changes in average power 
generation of wind power parks were found to be 
sufficiently high, consequently balancing of wind 
power generation will require rather big amount of 
secondary power regulation reserve. 

3. Values of correlation coefficients and standard 
deviations of wind power generation changes were 
found to be dependant on wind direction, thus 
calculations of power system regimes and 
determination of effect from wind power parks and 
range of their power generation variations requires 
assessment of effect determined by wind direction and 
geographical deployment of wind power parks. 

4. The theoretical standard deviation of two parks was 
found to be different from the experimental standard 
deviation, which was found to be especially the case 
under the wind direction perpendicular to WPP 
layout line. 
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Abstract: Wave energy is a renewable source, which 
has not yet been exploited to a large extent. So far the 
main focus of wave energy conversion has been on the 
large wave energy resources of the oceans on northern 
latitudes. However, large portions of the world potential 
wave energy resources are found in sheltered waters and 
calmer seas, which often exhibit a milder, but still 
steady wave climate, for example, the Baltic Sea. This 
paper describes the wave power potential in Baltic Sea 
and opportunity to apply the wave energy systems in the 
current Lithuanian energy program. 
 
Keywords: Wave energy, Renewable energy, Point 
absorber, Baltic Sea, Energy potentials. 

 
1. Introduction 

 
The world energy demand is steadily increasing 
along with the population growth and improved 
living conditions, and the ratification of the Kyoto 
protocol increases the need of CO2-free energy  
sources. Wave energy  is a  renewable  energy  source  
with  high  power density, relatively high utilization  
factor, low visual impact and presumed  low impact 
on environment compared to other  renewable sources 
[1]. Still, wave power has not yet been properly  
appreciated partly due to lack of good engineering 
solutions. 
According to where wave energy devices are 
established they are designed mostly in three groups: 
shoreline, near shore, and offshore (>40 m depth) [2]. 
Also they are designed in two processes: those heaving, 
surging, pitching, squeezing and  moving  to  all  
directions  by  the waves and those reservoir type of 
devices holding the sea water above the mean sea level. 
A variety of wave energy devices are around the globe, 
being used and developed in Europe, Japan, The United 
States, Canada, South Africa, Israel and other countries. 
Some of the devices are declared to be commercial and 
others are precommercial (Limpet wave energy 
converter on Islay, Scotland [3], or shoreline, 
Oscillating water column, OWC at the Azores [4], the 
Pelamis system in the UK [5], The Archimedes Wave 
Swing, AWS, off Orkney [6], The Wave Dragon in 

Nissum Bredning, Denmark [7], The Sea Dog in the 
Gulf of Mexico [8]) and many other projects have been 
produced recently.  
In this regard, desire to prove the statement “Wave 
energy obtained from one of the unlimited motions in 
the world can be added to the mixture of the energy 
forms in Lithuania” is the focus of this paper. In Section 
2, the Lithuanian available nearshore and offshore wave 
power resource will be overviewed first. In section 3, 
we will write about Site Selection. In Section 4, Survey 
at the Southwest near shore zone of Lithuania takes 
place. In Section 5, Conclusions are provided. 
 
2.  Available near shore and offshore wave power in 

Lithuania 
 
For the currents and waves formation process of the 
marine coastal zone the greatest impact has the strong, 
relatively long-term and steady winds. As strong winds 
are known with speeds ≥ 15 m/s, storm - wind speeds ≥ 
20 m/s. Stronger than 30 m/s winds is seen as tornado.                          
Swell at sea depends on the wind regime, which in turn 
determines the general atmospheric circulation 
processes in the area investigated. The largest cyclonic 
activity are in the late autumn, winter and early spring. 
Wind regime reproduces the wave nature of the annual 
course. The average wave height in the open sea area of 
Klaipėda, depending on the wind speed are shown in 
Fig. 1 and Fig. 2. 
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Fig. 1. Average seasonal offshore wave height dependence on 
the wind speed (data [9]) 
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Fig. 2. The average annual wave dependence of wind speed 
(data [9]) 
 
Next important factor in determining the wave 
amplitude and frequency is depth. Baltic Sea is 
recognized as shallow, more than 60 percent its floor 
area does not yield depth more than 100 m. The bottom 
is quite equal, there are only a few deep pits. Baltic near 
shore zone bathymetry is shown in Fig. 3 [9]. 
 

 

 

Fig. 3. Baltic near shore zone bathymetry (automatic wave 
measuring stations M and B) [9] 
 
Below in Fig. 4 are the wave frequency and amplitude 
dependence on the depth [9]. 
 

 

 

Fig. 4. Wave frequency and amplitude dependence on the 
depth [9] 
 
Wave parameters are very rare measured at Lithuania's 
Baltic near shore zone. They were measured in 
automatic wave measuring stations M and B (Fig. 3). 
According to measurements 1-2 m height waves are 
formed by blowing 4-8 m/s winds. Long-period waves 
(> 7 s) by blowing > 10 m/s winds. Mostly are formed 
the waves of  3-4 s period by blowing 4-10 m/s winds.  
The Wave Atlas for the Baltic Sea with information on 
the average wave height and wave energy levels is 
constructed and shown in Fig. 5.  

 

 

Fig. 5. The Wave Atlas for the Baltic Sea with information on 
the average wave height and wave energy levels (data [9]) 
 
The values taken from the Atlas [9] were used in 
potential calculations. Since knowing the first step in 
developing a wave energy project is to find the average 
resource, we have estimated the minimum power levels 
from monthly average of the lowest wave values and  the 
maximum power levels from monthly average of the  
maximum wave values  using equation (1), [10]. 
 

                                P = 0.49H2
sTe ;                          (1) 

  
where the significant wave height Hs is equal to the  
average of the highest one third of the waves and the zero 
up-crossing period Te, which is defined as the average 
time between upward movements of the  surface through 
the mean level. Although wave power levels are low in 
general, some points can be found between 2 - 5 kW/m 
mostly at the southwestern part of Lithuanian near shore 
zone.  
 

3. Site selection 
 

There is no single wave energy park build in the Baltic 
Sea. Lithuania has few sites with highest wave energy 
potential of the Baltic Sea and which are also close to 
the network. We focus on wave power plants consisting 
of a number of small wave energy converters, forming 
large arrays. The properties of a wave energy converter 
correspond with the climate of the sea. Also it is good 
to use some converters as wave energy breakwaters  
only at the port in the near shore. While planning a 
location of a possible wave generator installation the 
previous review and theoretical calculations were used. 
We can also take into account of the planned potential 
areas for the construction of wind farms (Fig. 6) [11]. 
In pre-planned park sites were selected taking into 
account the current uses of the sea, seabed geological - 
geomorphological configuration of the structure, 
ecosystem characteristics and technology of wind farms 
installation options. The main criteria for selection of 
potential sites available - at least the likelihood of 
conflict, taking into account the existing marine areas 
and resources, as well as environmental issues. 
The assessment of the planned park area must be taken 
in the vicinity of protected areas, existing and planned 
shipping routes, ground sink offshore sites and other 
activities that limit the construction and operation. Our 
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isolated areas with highest wave energy potential are 50 
km2 and 100 km2. 
 

 

 

Fig. 6. The isolated potential areas for the wave energy and 
wind parks (data [11]) 
 
A wave energy park would experience three phases 
during its life: construction, production (minimum 20 
years) and decommissioning. After decommissioning all 
units in the entire wave energy park could be retrieved 
for recycling [12]. 
Moreover, wave energy potential assessment in the our 
identifiedet areas has been estimated by using the theory 
of perturbation, equation (2) [13]. 
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Where, 
SH and eT are the arithmetic averages and H , 

T and 2H
 are the standard deviations of significant 

wave height, zero up-crossing period and significant 
wave height squared, respectively. 
Regarding that all the heights and periods are dependent 
for a typical irregular sea, so an averaging process is 
used to estimate the total power as 5,7 kW/m for this 
areas, equation (3). 
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The latter finding for the total power has not been used 
in the proceeding case study. Two different values may 
be compared only with the results employing a 
prototype in a real sea.  
 

4.  Survey at the southwest near shore zone of 
Lithuania 

 
Many of the various schemes in the past consist of 
large mechanical structures, often located near the sea 
surface. In the present work we focus on wave power 
plants consisting of a number of small wave energy 
converters, forming large arrays.  
The main idea is selecting  the wave power systems 
(Fig. 7) from Sweden's existing the Wave Power Project 
Lysekil and the Sotenäs-project associated with Uppsala 
University, which has world leading expertise in 
generator construction. 
Klaipėda University (Lithuania) in 2010 launched the 
project “Sustainable uses of Baltic marine resourses”, 
where one of components is development of the linear 

generator model (responsible for the constructions is  A. 
Pašilis), used for the generating of electricity from the 
wave power. This linear generator model can be mixed 
with Swedish wave power systems. 
 

 

 

Fig. 7. Wave energy converter uses a buoy directly connected 
by a wire to the moving translator of the linear generator [15] 
 
Several technical solutions for wave energy converters 
(WEC’s) are possible. However, here it is only assumed 
that the electricity can be generated at a competitive 
price using a point absorber connected to a generator: 
further, unit size for power production is assumed to 10 
kW to match a significant wave height in the range of 2 
m with reasonable buoy size. 
Theoretically, up to 50% of the incoming wave energy 
can be absorbed by a system of oscillating point  
absorbers, i.e. an array of buoys. For individual buoys  
an  absorption of 20% of the incoming energy has been 
observed. In a simplified model, neglecting three-
dimensional scattering of waves, buoys at the back of an 
array will receive less energy than those at the front for 
a wave field with a predominant direction. If the 
absorption over the width of the buoy is assumed to be 
20%, and the spacing is ten times the buoy diameter, 
only 2% of the incoming energy will be absorbed by 
each row. For the n-th row in an array subjected to 
unidirectional waves the available power  flux will be 
attenuated by 0.98n-1. In this way, for an  ideal wave 
climate with sinusoidal waves from one  direction a  20-
row-array  will receive at least 83% of the incoming 
power flux [14]. 
Directly driven systems have a low level of complexity 
at the mechanical end, but create new demands on the 
electrical components. The generated electric current 
from the individual power plants varies both in 
frequency and amplitude. In order to convert the 
electricity to a perfect 50/60 Hz alternating current and 
transmit it to the onshore high voltage grid, several 
power plants may be connected to one low voltage 
marine substation which rectifies, inverts and transforms 
the variable alternating current received from the wave 
power plants. In larger wave energy parks, groups of 
those substations may be connected to one 
medium voltage marine substation. This substation 
further transforms the voltage so that the electricity can 
be transmitted over long distances to the onshore 
electrical grid [15]. 
The technical resources are calculated for a supposed 
hexagonal distribution of arrays each containing 400 
wave energy converters. The converter consists of the 
linear generator of average power production of 10 kW 
(“rated power”), deployed in rows aligned against the 

305



 

prevalent wave direction and spaced about 20 m apart. 
Distance between rows is about 50 m. The total area is 
expected to be 1 km2 per 1000 units. The generators 
driven by a 4 m in diameter point absorbing buoy. 
These dimensions are chosen to match the wave 
climate of the Baltic Sea [16], and yield an estimated 
utility factor [17] of α=30%. Generated power 
dependence on wave height and wave period is shown in 
Fig. 8. 
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Fig. 8. Generated power dependence on wave height and 
wave period 
 
Thus, an array of 400 converters is expected to generate 
10 GWh/year. Our identified areas, where the significant 
mean wave height was H=1,6 m, is in the range of 150 
km2, this corresponds to an annual potential of 3,75 
TWh. 
The total initial costs are the sum of the estimated 
feasibility study, development,  engineering,  energy  
equipment,  balance  of  plant  and miscellaneous costs 
and the inputs of this calculation. 
 

5. Conclusions 
 
1. In the light of the findings from exploring in the 
wave energy literature, the North Sea, Baltic Sea and  
devices designed for those seas can be a sample for the 
studies in Lithuania. 
2. It was determined that Lithuanian near shore and 
offshore wave power levels are low in general, some 
points can be found between 2 - 5 kW/m, so it is best to 
use small-scale converters and marine substations at the 
near shore which is also convenient for protecting some 
of the coastal structures.  
3. The few sites off the southwestern Baltic Sea near 
shore zone have been suggested as the best sites to 
harness the wave energy. If we leave out possible areas 
for shipping lanes, regions for submarine training, etc., 
and if we ignore most of the isolated sites for the 
construction of wind farms, where the wave power  
levels are lower for commercial exploitation, wave 
farms that can be set up at few our selected sites can 
harness totally about 3,75 TWh/year with an annual 
wave power 5 kW/m. This is 2.4% of the economically 
feasible potential of current Lithuanian  hydroelectrical  
energy. This can be more than this value when 
progressing technologies are considered being used in 
the wave farms. 
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Abstract: This paper presents the performed modelling 
of autonomous heating, ventilating and air conditioning 
(HVAC) system of individual residential building on 
purpose to define an optimum ratio of rated powers of 
the generating equipment running on renewables. 
Modelling of parameters of circumambient and internal 
power consumption was carried out for the climatic 
conditions of Tuapse city of Krasnodar territory located 
in south of Russian Federation according to the 
experimental measurements [1]. As result of researches, 
the optimum alternative autonomous heating, 
ventilating and air conditioning system is elaborated for 
individual residential building with the annual energy 
required for heating 22625 kWh. The HVAC system is 
based on the heat pump capacity of 7,2 kW, which is 
fed from the wind turbine capacity of 20 kW and 
battery capacity of 3200 Ah. 
 
Keywords: renewable energy sources (RES), heat pump 
(HP) and wind turbine. 

 
1. Introduction 

 
There is a challenge in energy supply systems’ 
engineering, especially in case of completely 
autonomous, dealing with their optimisation and 
consisting in sampling of nominal parameters to be 
done on the basis of analysis of every possible operating 
mode. The solution of such problem has been 
performed in this work by using the developed 
computer models of heat pumps, batteries, wind 
turbines and other minor equipment. Parameters of the 
developed models have been defined according to the 
technical characteristics of producers of the equipment 
and mustered according to measurements on real 
samples. Results of this work confirm efficiency of the 
using heat pumps of type "air-water" as basic heat 
source of autonomous heat supply systems in climatic 
conditions of Russian Federation southern regions [2]. 
From the economic point of view expenses for heat 
supply to the individual residential building by means of 

HP are about 30 % less than at traditional system based 
on the pellet stoves or boilers, and about 70 % less than 
at electric heating system. Efforts to electricity 
consumption decrement in the region by using the heat 
pumps and wind turbines are quite proved because of 
the shortage of generating powers in the power system 
of Krasnodar territory is acute scarce. 

 
2. The system description  

 
The experimental individual residential building with 
total area 295 m2 located in the Tuapse city consumes 
the total annual amount of energy 22625 kWh, which is 
used for heating, air conditioning and DHW (Fig. 1). 
The dwelling is built with observance of effective 
standards on the thermal insulation and answers to 
modern principles of energy efficiency. 

 

 
 

Fig. 1. Average daily power consumption on heating, DHW 
and air conditioning within a year 

 
The warm floor is used in the building as the heater of 
space. Circuits of heating and DHW are connected to 
the heating water tanks, which have volumes of 500 l 
everyone. Convectors are enclosed in a stand-by circuit 
and used as backup at heating and as the cores at air 
conditioning. Backup heat sources are electric 
resistance heaters built in buffer stores with total power 
of 4 kW. It is supposed, that the dwelling is rigged by 
the autonomous heating, ventilating and air 
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conditioning system, which scheme is presented on Fig. 
2.  

 
Fig. 2. The scheme of investigated autonomous heating, 
ventilating and air conditioning system 
 
The heat pump of type "air-water" is used as a heat 
source. According to previous researches, the optimal 
option for covering energy demands necessary for 
heating, ventilating and air conditioning in the 
experimental residential building is the heat pump of 
model Vitocal AW108 with thermal capacity  7,2 kW. 
According to engineering data, nominal electric power 
of this HP makes 2,75 kW at heat transfer agent 
temperature in the output +45˚C [3]. 
The heat pump HP is fed from the wind turbine 
“EuroWind”, which generator is connected over the 
UPS (see Fig.2). The UPS contains three-phase inverter 
and control unit. Lead-acid battery is maintenance-free 
and it serves as the buffer between generator of wind 
turbine and inverter. 

 
3. Methodology and modelling 

 
Possibilities of application of heat pumps “air-water” 
and estimation of wind energy resources in the observed 
region are analysed in this section. 
All initial data used in this work are gained using the 
measurements performed by means of the mobile 
meteorological station DAVIS Vantage Pro II Plus. 
Modelling was carried out by means of the developed 
package of applied programs in the environment of MS 
Office Excel. 

 
3.1. An estimation of possibilities of heat pumps 
"air-water" 
 
As it is defined by the expression (1), the instantaneous 
electricity demand of the heat pump pwp (t) depends on 
its running heating capacity qwp (t): 

 

 

wp

wp

q
p  ,   (1) 

 
where ε is the heat pump conversion factor. 
 

The conversion factor ε in turn is function of 
temperature of transpiration Te and condensation Tc of 
chlorofluorocarbon in the heat pump circuit: 

 
 ),( ce TTf    (2) 

 
The annual power consumption for heating, DHW and 
air conditioning calculated by using dependences (1), 
(2) and data on the outside temperature of air arriving 
into the heat pump will make 6902 kWh. 

 
3.2. Estimation of the wind turbine’s production 
 
According to observations in the shore of Black Sea, 
both daily and annual course of the average wind speed 
appears rather favourable for use of HAWT in stand-
alone operation (Fig. 3). 

 

 
 

Fig. 3. Variations of daily average wind speed within a year in 
the shore of Black Sea in surroundings of Tuapse city 
 
The power density of wind torrent makes 250500 
W/m2 and is observed during a considerable part of 
year. Value of average monthly wind speed vp is in 
limits of 5-7 m/s and coefficient of utilisation of the 
installed capacity – 0,120,22. The energy active range 
of wind speed makes 0,70,8 of all periods. 
The maximum of monthly average speeds is necessary 
during a cold season from November till March and, 
fortunately, it coincides with seasonal peak of 
consumption of thermal energy. 
Net energy Ewt (kWh) produced by the operating wind 
turbine over a time can be defined by the integration of 
its instantaneous power )(wt tp  by using energy meter: 

 
 ttpE d)(wtwt  .    (3) 

 
Theoretically wind turbine’s annual energy output can 
be defined by well known procedure using its power 
curve and the distribution of wind speed in the locality. 
So, for example, small HAWT “EuroWind” having 
capacity 5 kW under the wind energy resources of 
Tuapse surroundings is capable to produce electric 
power equal 8833 kWh per year. 

 
3.3. Comparative analysis of power production and 
consumption amounts 
 
Analysis of power consumption and production 
regularities (Fig. 4) shows that periods of their maxima 
and minima have strong mismatch in time. Therefore 
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complete set of generating equipment for power supply 
is recommended to select not only according to the 
power rating, but also under the diagrams of power 
production, consumption and accumulation. 
 

 
 

Fig. 4. Average daily power production by the 5 kW wind 
turbine and electricity consumption by the heat pump capacity 
of 2,75 kW within a year 
 
As a rule, for coordination of consumption and  power 
production in the time in the complete equipment wind 
turbines installations switch on accumulator batteries, 
and also the complete set of an electric equipment for 
the coordination of parameters of the produced and 
consumed electric power (the inverter and the control 
unit). The purpose of modelling is definition of the 
necessary capacity of the storing device for the given 
production/consumption diagrams. 

 
3.4. Definition of optimum capacity of the battery 
 
The electric power balance equation for the rated period 
in a general view for any electrochemical storing device 
can be written down as follows: 

 

   dtWdtWWW cup 0
' ,   (4) 

 
where W' - quantity of energy in the battery at the time 

moment t, kWh; 
W0 - quantity of energy at the initial moment of a 
time t = 0, kWh; 
Wp, Wc - power production by the wind turbine 
and its consumption for a time span Δt, kWh; 
ηu - factor considering efficiency of the inverter 
(ηu = 1,2). 
 

The amount of Ampere-hours demanded for covering of 
alternating current loads of the HVAC system is defined 
by expression 

 

 
uU

W
E

'

    (5) 

 
where Uu - value of the inverter’s input voltage   

 depending on the voltage of the used battery. 
 
The depth of the admissible discharge characterised in 
factor Kр is one of the battery’s key parameters. 
Recommended value of this parameter varies from 20 % 
to 80 %. It means that capacity can be used from 20 % 

to 80 % from value the rated battery’s capacity. In self-
sufficient systems of electric power supply for 
conservation of electricity produced by a primary power 
supply system it is recommended to use the leak proof 
maintenance-free lead-acid batteries, which possess the 
best economic parameters. 
Temperature factor Kt considering ambient temperature 
indoors where accumulator batteries are installed is one 
more parameter, on which depends efficiency of battery 
usage. Usually it is average temperature in winter time. 
This factor considers decrease of capacity of the battery 
at reduction of temperature. Taking into account all 
mentioned above factors the general demanded capacity 
of battery measured in Ah can be defined by the 
following expression, an: 
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Having converted expression (6) it is possible to define 
the maximum number of days t, during which the 
battery will be able to feed the load independently – 
without a charge (wind). 

 
3.5. Charge level 
 
Calculation of energy balance is performed by using the 
expressions (4) and (5) and stage-by-stage 
chronological comparison based on the power generated 
by the selected wind turbine and the power consumed 
by the heat pump. As result of modelling the optimum 
capacity of accumulators was determined. It makes up 
64000 Ah and guarantees that the discharge of batteries 
does not exceed 80 % (Fig. 5). 

 

 
 

Fig. 5. Average daily battery’s charge level in current of year 
 

From the point of view of maximum utilisation of the 
HAWT power, the following rule is right: the more 
capacity of battery, the more potentially possible 
production of energy. The capacity increment basically 
promotes share increase it is useful for a used wind 
power, but at the same time it leads to the increment of 
capital outlays. 

 
3.6. An optimum ratio of powers 
 
The minimum expenses for energy supply system as a 
whole are attained at the certain ratios of wind turbine’s 
power, capacity of the power storing device and known 
designed load of the heat pump. Such optimum ratio can 

309



 

be found after carrying out multiple calculations with 
various nominal parameters of the HAWT and the 
battery (Fig. 6). 
 

 
 

Fig. 6. Comparative estimation of complete sets’ costs of 
wind turbine and battery  

 
Apparently the observed complete set of the equipment 
with wind turbine power of 5 kW is not the most 
optimum alternative of the investigated system of 
heating, ventilating and air conditioning. The minimum 
of capital outlays on the complete set of HAWT and 
batteries is attained at the standard capacity of the wind 
turbine 20 kW and capacity of the battery 3200 Ah. 
This is caused first of all by the difference in price for 
unit of the installed capacities of HAWT and battery.  
Also it is possible to note that increase of HAWT rated 
power at invariable loading does not guide to the further 
decrease of capacity of accumulators. It confirms the 
fact that there is a minimum value of necessary storing 
capacity in completely self-sufficient system without 
which functioning of equipment will be impossible. 
The negative after-effect of the installed power 
generating equipment’s capacity increment in 
comparison with the power demands is the significant 
amount of unexploited potential energy, which the 
generator is capable to produce. For example, the wind 
turbine of rated power 20 kW, apart from complete 
provision of heat pump demands, is capable to produce 
additionally 30020 kWh of electricity per year. It proves 
once again the necessity of creation of favorable 
conditions for the connection of renewable power 
systems to the existing public grid. In this case pay-back 
period of the set consisting of HAWT and battery will 
make no more than 10 years that looks rather 
attractively even at average cost of the electricity 3 
RUR/kWh. Otherwise exploitation of the described 
above system at present conditions can not be 
economically justified.  
However, as practice in certain conditions shows, 
building of new power lines and transformer stations in 
some cases can be more expensive than installation of 
stand-alone power systems based on the renewable 
energy sources. The initial capital investments in this 
case will be significant but average long-term price of 
electricity will not be very high taking into account that 
wind and solar energy are free and maintenance 
expenses are low because these power systems are 
running without any fuel.  
 

4. Conclusions 
 
The optimum alternative has been found and key 
parameters of the autonomous heating, ventilating and 
air conditioning system, used in the individual 
residential building are defined. The carried out 
researches confirmed that it is possible to attain the 
optimum ratio between expenses for the equipment and 
system’s effectiveness by means of modelling. The 
analysis of results gained by the modelling allows 
drawing conclusion that definition of the equipment’s 
parameters is a complex problem, which has to be 
solved by applying a systematic approach. 
In most cases the electric power supply of individual 
residential buildings is carried out from a public electric 
grid. But in remote areas stand-alone power supply 
systems based on alternative renewable energy sources 
are favourable and economically competitive and 
justified if the power supply lines are far from the 
location. 
This is why the heat and power systems based on 
renewable sources are being intensively and everywhere 
developed. It is necessary to create equal conditions for 
them, the same as for the traditional energy systems. 
Many countries over the world already have created 
favourable legal basis for renewables and they already 
have various support mechanisms for this purpose.  

 
5. Future work 

 
The further job will be directed on the research and 
analysis of the combined systems of autonomous 
heating, ventilating and air conditioning. For example, a 
matter of interest is the additional power source based 
on the PV modules and used in the HVAC system as the 
second source of electric power. Possibly, capacity of 
the battery could be reduced in this case. Thus, it is 
necessary to analyse and defined what rate between the 
nominal wind turbine power and nominal power of the 
additional PV system could be optimum. 
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Abstract: The special measuring complex is developed 
for carrying out of experimental researches concerning 
studying of operation of heat supply systems based on 
renewable energy sources. It is intended for permanent 
monitoring of key parameters of various heat supply 
systems in first turn autonomous combined hot water 
supply and heating systems with use two and more RES 
for determination of optimal mode of operation.  
 
Keywords: measuring complex, renewable energy 
sources, heat supply systems, photovoltaics, solar cells, 
heat pump. 

 
1. Introduction 

 
Practical usage of renewable energy sources (RES) 
allows refusing of cost-intensive traditional energy 
resources. It provides the decrease of traditional energy 
consumption and, consequently, prices of production. 
Therefore the scale of RES usage permanently extends 
over the last years, especially the energy systems, which 
simultaneously use two and more types of renewable 
energy sources, are taking roots into practice [1, 2, 3]. 
It is required permanent inspect of considerable number 
parameters for research of such systems’ operation, in 
particular taking into account weather conditions. 
Frequently it is difficult to carry out without special 
equipment.  
The developed measuring complex is intended for 
constant monitoring of key parameters of various 
energy supply systems. The complex is built on the 
equipment of renewable energy engineering for 
conducting of researches and monitoring of the 
mentioned systems. 

 
2. Description of the complex’s devices 

 
The complex is fulfilled on the modern control and 
measuring equipment with usage of programmed logical 
control units (PLC). The applied software for PLC is 
written in languages of the standard IEC 61131-3. It 

allows easily adapting of the complex for measurement 
of any parameters (Fig. 1). 
 

 
 

Fig.1. Outfit of the complex 
 
Complex basis is the experimental gauge unit (Fig. 2) 
made on the equipment produced by [4] – WAGO 
Kontakttechnik GmbH and Co. KG. The gauge unit is 
fulfilled in standard plastic boxing on 12 units, in which 
the PLC, the measuring units, the energy source of DC 
voltage 24 V and the protection equipment are 
allocated. As a matter of convenience, hooking up of 
the detecting devices, the measuring equipment, the 
interface cables and the feeding cables, the cable duct is 
rigged with the connectors allocated on the upper panel. 
The PLC is automatically configured, creating a local 
image of process. Two analogue and two special units 
provide hooking up of the detecting devices and also 
contain circuits of a galvanic isolation and indication of 
state. Units communicate with the control unit on the 
internal bus and the control unit with the personal 
computer on the network Ethernet. 
 

 
 

Fig.2. Experimental gauge block 
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The analogue unit of resistance thermometers is 
intended for feeding by signals from the heat sensors Pt 
100. Linearization of characteristics is fulfilled by the 
unit automatically. 
The unit of 3-phase measurements of power fixes 
parameters in 3-phase current networks: the current, the 
power (active, reactive and total output), the power 
factor and the energy consumption. 
The unit of 2-channel reversible counters of DC 
impulses together with any flow meter allows carrying 
out the registration of the consumption of liquids and 
gases. 
Serial interface RS232C is intended for hooking up of 
any devices having the serial interface, in particular, 
meteorological complex Davis Vantage PRO II Plus [5].  
DAVIS meteorological complex as a part of all 
measuring complex provides measurement of such 
parameters, as the temperature, the rate and bearing of 
apparent wind, the atmospheric pressure, the relative 
humidity and the amount of atmospheric precipitation, 
the ultraviolet radiation, intensity of solar radiation, etc. 
The console of the meteorological complex’s control 
(Fig. 3) has five operating modes and carries out: 
 

 Measurement of the running atmospheric 
pressure by the detecting device and mapping of 
the trend of its change in the last three hours; 

 Measurement of the temperature of indoor air; 
measuring range: 0... +60°С, resolution: 0,1°С, 
accuracy: +/-0,5°S, spacing: 60 s; 

 Measurement of the relative humidity of indoor 
air; measuring range: 10. 90 % RH, resolution: 1 
% RH, accuracy: +/-5 % RH, spacing: 60 s; 

 Mapping of the running time (in 12 or 24 h 
format), the calendar, the rising and sunset time,  
moon phase; automatic transition to 
summertime; 

 Saving in memory of maximum and minimum 
values of instrument parameters with show of the 
time and registration date (day, month and year); 
construction of graphs of change (in hour; 
maximum or minimum values for a day, for a 
month); the audible alarm at reaching of the 
maximum or minimum parameter value. 

 
 

Fig.3. Console of the meteorogical complex control 
 

The cable duct of meteorological detecting devices (Fig. 
4) connected to the console carries out measurement of 
the following parameters: 
 

 Outdoor air temperature and the relative 
humidity by means of the external detecting 
device; temperature measuring range: -40+65°С, 

resolution: 0,1°С, accuracy: +/-0,5°S, spacing: 
10-12 s; relative humidity of measuring range: 0- 
100 % RH, resolution: 1 % RH; accuracy: +/-3 
% RH, spacing: 50-60 s; 

 Rates and bearings of apparent wind by means of 
anemometer Davis 7911. The wind speed 
indication for the last 10 s; wind speed 
measuring range: 1-68 m/s (3... 241 km/h), 
resolution: 0,5 m/s (1 km/h), accuracy: +/-5 % or 
0,1 m/s (3 km/h), spacing: 2,5-3 s; 

 Precipitations for a day or for a certain period 
(the total value from the moment of the last 
counter reset) by means of the rain manifold; 
measuring units: inches or mm; 

 Solar radiation - measurement of intensity of 
solar radiation, on a horizontal surface, includes 
both direct raying from the sun and the reflected 
raying; solar radiation measuring range: 0. 1800 
W/m ²; resolution: 0,1 W/m ², accuracy: +/-5 %,  
spacing: 50 s. 

 

The meteorological complex also defines the dew-point 
temperature, the heat index, the temperature of chill by 
the wind, the total transpiration, the index THSW - the 
"felt" temperature, which considers temperature, the air 
humidity, the heat effect of the sun and the chill effect 
of the wind. 

 
 

Fig.4. Unit of meteorogical detecting devices 
 

In the control unit of the experimental gauge block all 
incoming signals, which are passing from the detecting 
devices to the personal computer (PC), thanks to what 
the user has access to all gained data. 
The software for the measuring complex is created by 
usage of the software package WAGO-I/O-PRO CAA 
[6]. In the developed measuring complex simultaneous 
operation of some applications is realised, each of 
which fulfils functions of processing of the signals 
gained from the detecting devices and calculation of 
additional values. Thus, the big set of gained parameters 
allows analysing of the power system examined in 
details by means of the complex. 
 

3. Mapping of gained data in visualisation windows 
 
As a matter of convenience, information mappings on 
the PC and visualisation of prototype systems with 
usage of software SCADA are organised [7]. The 
system used as a part of software package SCADA 
embraces spheres of visualisation and the supervisory 
control, the data access, the registration of trends, the 
event processing and messages of fault signalling, the 
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production process analysis and, if it is purposeful, the 
interference in it. 
On the main page of visualisation (Fig. 5), for instance, 
the simplified structural model of one prototype systems 
is presented. In this case it is a stand-alone residential 
building and it has possibility to observe the following 
main parameters: 
 

 Solar radiation; 
 Wind speed; 
 Atmospheric pressure; 
 Air humidity; 
 Outdoors and indoors temperature; 
 Ground temperature; 
 Date and time. 

 

 
 

Fig.5. The main window of visualisation of key parameters of 
the system under research  

 
From the main page by means of buttons in a column on 
the right or on pressure by the left push button of the 
mouse the model map it is possible to pass in 
appropriate subsection of visualisation where it is 
possible to observe all key parameters of the presented 
systems. 
In the window of visualisation Vantage Bulletin (Fig. 6) 

it is possible to observe the running parameters of 
weather gained from the meteorological station and to 
watch chronological changes of these parameters. 
Obtained data about weather patterns are basis for the 
analysis of potential of renewable power resources in 
the researched locality. 
For heating services the visualisation representing a 
geothermal heat pump of type "water-water" (Fig. 7) is 
fulfilled. In this window it is possible to observe the 
following registered parameters: 
 

 Temperatures both in feeding and returning 
pipelines and the heat-transfer agent yield in the 
circuit of ground heat exchangers of the warm 
collection system; 

 Temperatures both in feeding and returning 
pipelines and the heat-transfer agent yield in the 
heating service circuit; 

 Temperature and water yield for needs of hot 
water supply; 

 Temperature and consumption of the heat-
transfer agent yield in the circuit of additional 
heat source. 

  

For the group of solar collectors, which visualisation is 
possible, observation of following parameters is 
available: 

 

 Temperature both in feeding and returning 
pipelines and the heat-transfer agent yield in the 
circuit of solar collectors; 

 Temperature and water yield for a hot-water 
supply; 

 Temperature in the upper part and the bottom of 
the water heater tank. 

 

Visualisation of the ventilation system with recuperator 
of heat and heat exchangers for heating and chilling of 
the inlet air is fulfilled as well.  

 

 
 

Fig.6. Window of visualisation of meteorological parameters 
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Fig.7. Window of visualisation of parameters of heating services on the basis of heat pump 
 

The following parameters are represented on the screen: 
 

 Volume of inflow and exhaust air consumption; 
 Temperature of inflow and exhaust air; 
 Temperatures both in feeding and returning 

pipelines and the heat-transfer agent yield in the 
air pre-heater’s circuit; 

 Efficiency of the recuperative heat exchanger and 
power necessary for inlet air heating is computed. 

 

Prototype system of electric power supply can be 
carried out from a current network; therefore 
visualisation switches on both the equipment 
necessary for off-line operation and standard electric 
equipment for grid-connected operation. On the 
screen of PC it is possible to observe the following 
parameters:  
 

 Current, power and energy consumed by the heat 

pump; 
 Current, power and energy consumed from the 

used electric grid; 
 Current, power and energy which is produced by 

the wind turbine or other autonomous source of 
electric energy; 

 Power and level of charge of battery. 
 

It is possible to switch over easily from one screen of 
visualisation on another or to return on the main page 
by means of the navigating buttons. 
After the button "Trends" pressure it is possible to pass 
in a separate window (Fig. 8), in which chronological 
change of the gauged variables’ values are represented.  
There graphics and bar graphs, which are representing 
flowing (and also for various time slices) power 
consumption are also available. Interactive mapping of 
the characteristic data occurs on separate charts. 

 

 
 

Fig.8. Window of trends’ visualisation  
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4. Instances of representation of gained data 
 
Instances of gained graphic data are presented on Fig. 9 
and 10. The obtained data about weather patterns are 
the basis for estimation of potential of renewable energy 
resources in the researched locality. 
For example, the graph of thermal energy, which is 
produced by the vacuum solar collectors of total area 6 
m2, is presented in Fig. 11 and measured by means of 
the complex during the same days as it is shown in Fig. 
10. 
The following parameters can be gained for the system 
of electric power supply based on the wind turbine: 

 
 Current, power and energy consumed by the heat 

pump; 
 Current, power and energy consumed from the 

used electric grid; 
 Current, power and energy, which is produced 

by the wind turbine or other autonomous source 
of electrical energy; 

 Power and level of charge of the battery. 
 

For instance, the daily graph of electric energy 
produced by the wind turbine of rated power 5 kW 
is presented on Fig. 12. 

 

 
Fig.9. Change of solar irradiance intensity within day 

 

 
Fig.10. Change of wind speed within day 

 

 
 

Fig.11. Change of solar collector’s heating efficiency within day 
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Fig.12. Change of the HAWT power production within day 
 
Data of each gauged variable with the set 
periodicity are saved in the form of text documents 
in the appropriate directories on the hard disk of 
PC. At writing the data in a text file each 
subsequent measurement is written in the next 
string with marking off the date and time of 
writing. Later these data are use for the analysis of 
the collected information. 
Analysis of measurements results show, that  
information gained by means of the measuring 
complex can be used with high reliability not only 
for estimation of potential of renewable energy 
resources in the promising location of renewable 
power systems deployment but also for estimation 
of energy efficiency of the RES-based systems 
already built and exploited. 
The presented measuring complex now is used in 
experimental researches on the purpose of 
optimisation of parameters and operation efficiency 
of the RES-based heat and power supply system 
designed for the stand-alone residential building, 
which in future will serve as demo object. 
 

5. Conclusions 
 
The developed measuring complex opens ample 
opportunities for studying of operation of various 
energy supply systems using technologies of 
renewable power engineering. The complex can be 
recommended for wide usage by the organisations, 
which are carrying out researches and 
developments in the field of usage of renewable 
power supplies. 
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Abstract: Electrical energy conversion system with 
inverter – system converter (ISC) is used at wind micro 
power plant. It utilizes low intensity wind energy 
potential effectively which resource dominates. ISC is 
used at such not complicated inversion – conversion 
system, operates according electric power system 
dualism concept, converts voltage system (U = const., I 
= var.) to current system (I = const., U = var.). Wind 
micro power plant electrical energy inversion – 
conversion transient processes main research results are 
presented at paper. Transient processes results show 
hazardous operating conditions of wind micro power 
plant inversion – conversion and storage system whose 
have to be evaluated researching, installing system 
practically. 
 
Keywords: wind power plant, inversion, conversion, 
transient, processes, redox flow battery, dual. 
 

1. Introduction 

Now days wind micro power plants conventional 
electrical energy conversion systems utilize low 
intensity wind energy potential problematically. Here is 
used complicated electrical energy conversion structure, 
control system [1]. There is necessary DC/DC converter 
for intermediate electrical energy conversion parameters 
adjustment, additional DC/AC inverter for connection to 
electrical grid. Complex high frequency pulse width 
modulation algorithm requires processing units with 
microcontrollers. Recent theoretical and experimental 
research results confirmed that such complexities can be 
solved using dual system conversion – voltage system 
(U = const., I = var.) to current system (I = const., U = 
var.). Such conversion is achieved using unique inverter 
– system converter [2, 3, 5]. Paper presents main 
research results of transient processes at wind power 
plant inversion – conversion and storage system. Whose 
results define hazardous system operating conditions. 
Such operating conditions are important researching 
experimental prototype to avoid fault of system 
elements. 
 

2. Simulation strategic research objective and 
methodology  

Transient processes strategic research objective is 
indication of hazardous operating conditions of wind 
micro power inversion – conversion system plant. Such 
operating conditions have to be evaluated before 
practical research of experimental prototype system. 
Following problems must be solved for creation of 
simulation model of wind micro power plant electrical 
energy conversion and storage equipment which allow 
to research transient processes at experimental prototype 
structure elements, to form recommendations for future 
research and practical application [1]: 
1. Simulation model of wind micro power plant 
electrical energy conversion and storage equipment with 
MATLAB, Simulink software has to be created; 
2. Research of transient processes has to be 
performed using simulation model; 
3. Research data has to be processed and analyzed 
for formation of conclusions and practical 
recommendations. 

 
3. Wind micro power plant structure 

Wind micro power plant electrical energy inversion – 
conversion and storage structure is created and showed 
at Figure 1 [1, 3]. This figure shows: wind turbine WT, 
permanent magnet synchronous generator PMSG, three 
phase rectifier L – 1, one phase rectifier L – 2 are 
composed of diodes, bridge inverter – system converter 
(ISC) is composed of transistors and commutating loop 
Lk – Ck, transformer TR, load resistance Ra, electrical 
grid EG, redox flow battery RFB, ISC control system 
CS, C – commutating equipment [1, 3].  
Main parameters of simulation model are presented at 
table 1. Here are Ugen – PMSG no load operation output 
voltage, Rgen – PMSG internal active resistance, CTK – 
intermediate storage capacitor of rectifying unit L – 1 
capacity, fIG1-4 – ISC transistors switching frequency, Lk 
– ISC loop inductivity, Ck – ISC loop capacity, Ra – 
load resistance, URFB – redox flow battery rated voltage, 
QRFB – redox flow battery rated capacity. 
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Fig. 1. Wind micro power plant inversion – conversion and 
storage system structure 
 
Table 1. Main simulation parameters of wind micro power 
plant inversion – conversion and storage system  

Ugen, 

V 

Rgen, 

Ω 

CTK, 

µF 

fIG1-4, 

Hz 

Lk, 

mH 

Ck, 

µF 

0-50 2,05 20000 50 50 200 

Ra, 
Ω 

URFB, 
V 

QRFB, 
Ah 

10–400 24 12 

 
4. Transient processes research results 

Wind micro power plant electrical energy conversion 
and storage system simulation is performed when load 
resistance value is Ra=80 Ω and wind speed is 
increasing W↑ = 5,65 m/s, wind speed is decreasing W↓ 
= 4,87 m/s. Simulation is performed with Matlab, 
Simulink software.  
Autonomous operating condition. Main transient 
processes results are presented after performance of 
specific operating conditions of simulation: 
 ISC open circuit operation when load resistance 
Ra and RFB is disconnected. 
 load resistance Ra short circuit; 
 RFB with L - 2 disconnection from transformer 
TR. 
Transient processes research result of wind power plant 
inversion – conversion and storage system open circuit 
operation are presented at Fig. 2 and Fig. 3. 
Fig. 2 shows RFB current iRFB dependence on time t, 
iRFB=f(t). When t  ≤ 0,5 s RFB is charged therefore iRFB 
amplitude value is negative. When time t = 0,5 s RFB 
and Ra are disconnected from ISC. When time t = 0,5 – 
0,515 s iRFB value is increasing  and when t =0,515 s that 
RFB is discharged iEK ≥ 0 A. Charge to discharge 
transient duration is 0,015 s and depends on RFB 
dynamics which is characterized by RFB  reaction time. 
When time interval is t = 0,515 – 0,8 s, dependence 
iRFB=f(t) amplitude value is increasing gradually. When 
electrical energy inversion – conversion and storage 

 
Fig. 2. RFB current iRFB dependence on time t. ISC open 
circuit operation, iRFB=f(t) 

 
system operates in open circuit operation that iRFB value 
increases significantly and is supplied to ISC clamps 
with relatively high value. Current iRFB value increases 
9,5 times. 
Fig. 3 shows ISC output voltage uout dependence on time 
t, uout=f(t). When time t = 0,5 s RFB and Ra are 
disconnected from ISC. uout amplitude value increases 
gradually during transient process. Here RFB reaction 
time do not have affect for uout transient process because 
iRFB value is close to 0 A and RFB do not control ISC 
input clamps voltage. Such voltage is controlled by 
energy stored in capacitor of L – 1 and intermediate 
storage system. When t ≥ 0,5 s that uout   amplitude value 
is increasing gradually and when t = 0,8 s stabilizes. uout 
value is increasing 4,15 times. 

 

 
Fig. 3. ISC output voltage uout dependence on time t. ISC open 
circuit operation, uout =f(t) 

 
Fig. 2 and Fig. 3 shows that transient process duration is 
equal to 0,3 s. 
Transient processes simulation results of ISC open 
circuit operation are presented at Fig. 2 and Fig. 3. 
These results show that such operating condition is 
hazardous for wind power plant electrical energy 
inversion – conversion and storage system particularly. 
That is current system (I = const., U = var.) feature [1, 
5]. Significant increase of high ISC output voltage and 
RFB current amplitude values can damage ISC 
semiconducting elements. High RFB current can 
damage its cells, short life time. Therefore such 
operating condition is not recommended for ISC 
experimental prototype research. 
Fig. 4 shows ISC output voltage current uout dependence 
on time t when load resistance Ra is connected that t = 
0,5 s and disconnected t = 0,5 – 1 s. These results show 
that uout amplitude value does not increases significantly 
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at such operating condition. Therefore transient 
processes do not affect wind power plant electrical 
energy inversion – conversion and storage system 
operation. 

 

 
Fig. 4. ISC output voltage uout dependence on time t. Load 
resistance Ra connection/disconnection, uout=f(t) 

 
Here uout amplitude value increases 1,12 time and t ≥ 1 s 
decreases  1,12 time at time interval t = 0,5 – 1 s. When 
load resistance Ra is disconnected transient process 
duration is longer 1,08 time in comparison with Ra 
connection transient process duration. Such duration 
difference is affected by RFB energy storage processes 
reaction time and intermediate storage parameter values. 
Transient processes main research results of load 
resistance Ra short circuit are showed at Fig. 5 and 
Fig.6. 
 

 

Fig. 5. Short circuit current isc of load resistance Ra 
dependence on time t, isc = f(t) 

 
Fig. 5 shows short circuit current isc of load resistance 
Ra dependence on time t, isc = f(t). When t < 0,5 s load 
resistance Ra  = 90 Ω is connected, system operates at 
normal operating condition. Such value is lowest when 
energy inversion – conversion and storage system 
converts wind power plant generated stochastic 
character voltage value to steady voltage value. Here Ra 
is short circuited on time t = 0,5 s. Results show that 
after t > 0,5 s, isc amplitude value is 1,68 times higher 
than value at normal operating condition. Here transient 
process duration is 0,35 s. Therefore Ra  short circuit is 
not hazardous for inversion – conversion and storage 
system operation because  load resistance short circuit 
current isc  increases insignificantly compared with load 
resistance current before short circuit. Short circuit 
current value is near rated current value of the system. 
That is current system I = const., U = var.) feature [1, 
5]. 

Fig. 6 shows RFB current iRFB dependence on time t, 
iRFB= f(t). When t < 0,5 s that RFB is charged. When t = 
0,5 s that Ra is short circuited and iRFB = 0 A because 
transformer TR secondary winding voltage is equal to 0 
V.  Here transient process duration is equal to 0,255 s. 
When Ra is short circuited RFB is not charged and 
discharged and therefore isc value variation depends on 
wind micro power plant generated electrical energy.  
 

 

Fig. 6.  RFB current iRFB dependence on time t, iRFB= f(t). 
Load resistance Ra short circuit 

 
Fig.7 shows RFB with L – 2 disconnection from 
transformer TR operating condition. Here RFB with L – 
2 is disconnected from ISC at time moment t = 0,5 s. 
When time interval t ≥ 0,5s, ua amplitude value 
increases significantly and becomes steady. Here 
transient process duration is equal to 0,14 s, ua 

amplitude value increases 1,95 time. Transient process 
research results shows that RFB disconnection is 
hazardous for wind micro power plant electrical energy 
conversion and storage system operation because of 
load voltage impermissible increase [4]. 
 

 
Fig. 7. Load resistance voltage ua dependence on time t. RFB 
with L - 2 disconnection from transformer TR, ua=f(t) 
 

 
Electrical grid operating condition. When wind micro 
power plant electrical energy inversion – conversion 
and storage system operates at electrical grid operating 
condition transient processes research is performed: 
 when electrical energy inversion – conversion and 

storage system is connected to EG unsynchronized, 
phase angle difference between voltages is maximum 
which value is 1800 and EG voltage value is 15 % 
higher, Ra = 300 Ω; 
Fig. 8 shows load voltage ua dependence on time t, when 
connection to EG is unsynchronized. Wind micro power 
plant electrical energy inversion – conversion and 
storage system is connected to EG on the time  
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Fig.8. Load resistance voltage ua dependence  on time t, when 
connection to EG is unsynchronized, ua=f(t) 
 
t = 0,5 s. Transient process research results shows that 
amplitude value ua increases significantly – 2,75 time in 
comparison with steady state ua amplitude value. 
Transient process duration is equal to 0,04 s. Such 
results show that unsynchronized connection is 
hazardous for load. Therefore wind micro power plant 
electrical energy inversion – conversion and storage 
system have to be connected after performance of 
synchronization process. 

 
5. Conclusions 

 
1. Research results shows that inverter – system 

converter open circuit operation, RFB 
disconnection at autonomous operating condition, 
unsynchronized connection to electrical grid are 
hazardous for wind power plant electrical energy 
inversion - conversion and storage system 
experimental prototype. 

2. Simulation model transient processes research 
results of autonomous operating condition shows 
that when wind power plant electrical energy 
inversion – conversion and storage system operates 
at open circuit operating condition, ISC output 
clamps voltage increases 4,15 times. 

3. When load resistance is short circuited that short 
circuit current value is near rated current value and 
increases 1,68 times, such operation is not 
hazardous wind power plant electrical energy 
inversion – conversion and storage system 
operation. 

4. When unsynchronized wind power plant electrical 
energy inversion – conversion and storage system is 
connected to electrical grid, during transient 
process ua amplitude value increases significantly – 
2,75 time in comparison with steady state ua 
amplitude value. 
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Abstract: the paper presents results of research of the 
impact of DC/DC converter parameters on the small-
scale grid-tied PV power system operation. Optimal 
parameters of DC/DC converters’ elements are 
determined by means of the mathematical simulation. 
Recommendations for sizing of key parameters of the 
converters’ elements are presented. 
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1. Introduction 
 
Renewable energy technologies for power production 
and considerable part of power storage systems are 
closely related with power electronics. Stand-alone PV 
or small-scale wind power sources include various 
devices of electronics depending on configuration of the 
system: charging controllers, rectifiers, inverters, 
maximum power point trackers, control systems. Grid-
tied PV power systems are connected to the grid over 
the grid inverter. Some types of large-scale wind 
turbines, e.g., produced by the Enercon Company, have 
advanced wind energy conversion system with free 

rotation of the generator, which supplies power into the 
electric grid over the grid-tied inverter. Every modern 
electric vehicle also has the power conversion system 
based on power electronics.  
The examples mentioned above allow us concluding 
that various power electronics devices are used more 
and more in many applications. Innovations and 
researches in sphere of “green” power applications of 
power electronics devices are important for future 
improvement of power conversion systems in this 
sector. 

 
2. Object and goal of the research 

 
Object of the research is the innovative power 
conversion system of small-scale grid-tied PV 
installation, which includes DC/DC converter. 
Simplified scheme of the power circuits of this PV 
system is shown in Fig. 1.  
The main goal of the research was focused on the 
impact of DC/DC converter’s parameters on the grid-
tied PV power system operation in order to determine 
the optimal parameters of the converter’s elements by 
means of mathematical simulation. 

 

 
 

Fig. 1. Simplified electrical scheme of the innovative small scale grid-tied PV system’s power circuits [1] 
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As it is shown in Fig. 1, power circuits of the proposed 
innovative power conversion system of small-scale grid-
tied PV system consists of the three main units: the PV 
array, the shorting and storage unit (DC/DC converter) 
and the inverter. The shorting and storage unit 
comprises the DC/DC converter. It consists of the 
shorting transistor Vt, the reactor Ld, the disjunctive 
diode Vat, the resistor rk and the storage capacitor Ck. 
The PV array has 30 PV modules E1-E10, E11-E20 and 
E21-E30 connected in parallel and shunted by the diodes 
V1-V30. The main elements of the inverter are the 
transistors V1-V4, the antiparallel diodes Vat1-Vat4 and 
two reactors Lf1-and Lf2. 
Control pulses for the inverter (ICP) and control pulses 
for the DC/DC transistor Vt (SCP) are generated in the 
control unit, which is not shown in Fig. 1. Electric load 
of the PV power system is controlled over the transistor 
of shorting circuit Vt. 
 

3. Equivalent scheme of the grid-tied converter 
 
Operation of the power conversion system, which 
consists of the grid-tied inverter, DC/DC converter with 
pulse-width modulation will be researched by means of 
the mathematical simulation. Exact mathematical 
description of the electromagnetic processes in the 
converters of this type is rather complicated. Therefore 
the simplifications well known in the theory of 
converters’ circuits [2, 3, 4] were accepted here. They 
allow substituting of the n-phase circuits of presented 
power conversion system by the one-phase equivalent 
scheme. Power switches here can be considered as ideal. 
One-line scheme of the circuitry given in Fig. 1 is 
shown in Fig. 2. The unmarked diodes in this figure 
show the directions of conductance in the branches of 
the power conversion system’s equivalent scheme. 
 

 
 

Fig. 2. Equivalent scheme of the power conversion system 
 

Power supply from the PV array into electric grid is 
running as described below. Switch S1 connects the PV 
array to the inductive coil Ld, where energy is 
accumulated during the shorting interval. Later 
accumulated energy from the inductive coil Ld is passed 

to the storage capacitor Ck  for the subsequent inverting 
it into the electric grid. 
Pulse-width modulation is used for control of the switch 
S2 in order to invert power from the PV array into 
electric grid at the right moment. In this way operation 
of the converter is synchronized with the instantaneous 
values of electric grid voltage. 
 

4. Mathematical description of the power storage 
and transmission system 

 
Operation of the switch S1 is not synchronised with the 
grid voltage. The shorting interval of the PV array takes 
a time span when the switch S1 is closed. The current of 
the PV array for this case can be determined by using 
the formula given in reference [2]: 

 

 
sL

r
sLdt

di ie
d

s

d

s  1
;  (1) 

 
where  es – the internal voltage of the PV array,  
  rs – the internal resistance of the PV array,  
  is –  the current of the PV array,  

Ld – the inductance of the energy 
accumulating reactor. 

 
As it can be determined from equation (1), nature of 
energy accumulation process depends on the power 
source, inductive coil Ld and on the parameters of 
shorting transistor‘s control pulses. When switch S1 is 
opened, the energy from the reactor Ld flows to the 
accumulating capacitor Ck.  
The energy from the inductive coil Ld transmission 
interval to the inverter side take place after the shorting 
interval have been passed. Two cases are possible 
beyond this process of the converter operation: the 
switch S2 can be closed either opened. As it is shown in 
Fig.2, the power inverting process is going when the 
switch S2 is closed, if uab>ei. According to the reference 
[2], power conversion process of the system for this 
case can be described by the following system of 
equations: 
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The system of equations for the pause of the inverting 
process, when switches S1 and S2 are switched out, has 
the following shape: 
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If the switches S1 and S2 are closed, the system of 
equations (3) has to be transformed as follows: 
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(4) 

 
In case when S1 is closed, but S2 is opened, the 
electromagnetic proceses can be described by the same 
system of equation (4) taking into consideration that 
parameter ei0. 
 

5. Simulation of the PV power transmission system 
 
As it is shown in Fig. 3, block scheme of the 
MATLAB/SIMULINK model of the researched PV 
power conversion system has the units of the signals 
summing, amplifying and simple integration. It also 
shows the links between the variables and numerical 
values of the model’s units. 

 
 

Fig. 3. MATLAB/SIMULINK model of the researched  
PV system 

 
Scheme of the MATLAB/SIMULINK model also has 
corresponding units of the researched PV system 
including unit of the inverter and storage, PV array, unit 
of the controller and switches S1, S2. 
 

 
6. Results of simulation 

 
Researches of the PV system are performed by means of 
the mathematical model. Results of researches are 
presented I below in Fig. 4 –Fig.6. 
PV power system has to run in the mode of maximum 
power point tracking in order to ensure its efficient 
operation. Therefore high rate of pulsations of the DC 
flowing from the PV array are not relevant. The 
pulsations have to be restricted. Analysis of voltage-
current curves of the PV array shows that pulsations of 
the DC should not exceed 10 %. Researches carried out 
by means of the eleborated MATLAB/SIMULINK 
model allowed concluding that rate of DC pulsations 
mainly depends on the inductance of the inductive coil 
Ld and on the carrier frequency of DC/DC converter. 
Results of research are presented in Fig.4 where the first 
curve corresponds the carrier frequency 1000 Hz, 
second – 2000 Hz and third - 3000 Hz. 
As it can be determined in Fig.4, the main agent of DC 
pulsations is the inductance of the inductive coil Ld. 
However, value of the inductance of inductive coil also 
depends on the carrier frequency. Fig. 4 shows that for 
restriction of DC pulsations at  5%, inductance of the 
inductive coil Ld have to be equal  0,06 Hn at carrier 
frequency 1000 Hz and only 0,04 Hn at carrier 
frequency 3000 Hz. 
 

 
 
Fig. 4. Dependences of the magnitude of the PV array current 
pulsations on the energy accumulating inductance 
 
Curves of the inverter‘s internal voltage, inverted 
current and output current of the PV array are presented 
in Fig. 5 and Fig. 6 at carrier frequency of DC/DC 
converter 1000 Hz. The curves show that pulsations of 
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output current of the PV array depends on the mode of 
DC/DC converter operation (bottom curve) and on the 
pulsations generated by the inverter (upper curve). 
Frequency of the pulsations depends on the scheme of 
inverter and is equal 100 Hz in this case (one-phase 
inverter). 

 
 

Fig. 5. The main curves of converter versus time for case at 
the DC/DC converter’s frequency f = 1000 Hz and inductance 
Ld = 0.15 Hn  
 

As it can be determined in Fig. 5, at high values of 
inductance of the inductive coil Ld magnitude of the PV 
array current pulsations mainly depends on the 
operation of DC/DC converter and is small – 0.88 %. 
Apart from this, it can be determined that in this case 
duration of shorting interval is long, but duration of 
inverting interval is short. 
 

 
 

Fig. 6. The main curves of converter versus time for case at 
the DC/DC converter’s frequency f = 1000 Hz and inductance 
Ld = 0.0125 Hn. 
 
As it can be determined in Fig. 6, at small values of 
inductance of the inductive coil Ld magnitude of the PV 
array current pulsations mainly depends on the 
operation of grid inverter and is very considerable – 

44.8 %. In this case duration of shorting interval is 
short, but duration of inverting interval is long. 
Considerable magnitudes of the PV array current 
pulsations are not desirable because they do not allow 
stable operation of the PV system on the optimal point 
set by the maximum power point tracker [5]. 
Elaborated mathematical model of the researched PV 
power system and performed simulations confirmed the 
possibility to determine the optimal parameters of the 
DC/DC converter’s elements. 
 

7. Conclusions 
 

1. As it was determined by simulation of the 
researched PV power system, pulsations of the 
DC flowing from the PV array depends on the 
modes of operation of DC/DC converter and grid 
inverter. 

2. Frequency of the PV array current pulsations 
depends on electric scheme of the grid inverter. 

3. It was determined that magnitude of the PV array 
current pulsations mostly depends on the 
inductance of the inductive coil and on the carrier 
frequency of DC/DC converter.  

4. Major impact on the PV array current pulsations 
has inductance of the inductive coil.  

5. Elaborated mathematical model of the researched 
PV power system allows determining optimal 
parameters of the DC/DC converter’s elements. 
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Abstract: The paper analyses the operational constraints 
of Baltic Power System (BPS) for the connection of 
new as-large-as-possible generating unit in Lithuanian 
power system (LTPS). The analysis covers time horizon 
for the period 2016-2025 years under 2 different 
synchronous BPS interconnection cases – with 
Synchronous Grid of Continental Europe (SGCE) and 
with Integrated Power System/Unified power system 
(IPS/UPS of Russia). The impact of largest unit on 
operational stability of power system (PS) is estimated 
as capability of PS to perform with acceptable 
operational parameters after the loss of that unit. The 
maximum operating capacity of largest unit was found 
in dependence on availability of generating reserves, 
capacity of interconnecting ties, steady-state and 
dynamic stability of power systems.  

 
Keywords: power systems, transmission networks, 
generating unit, reserves, stability, simulation. 

 
1. Introduction 

 
After the shut-down of Ignalina Nuclear Power Plant 
(NPP) Lithuania is seeking to build a new one [1]. The 
larger generating unit of such a plant, the higher the 
efficiency of unit operation. A larger unit exerts the 
larger impact on operation of power systems and brings 
it closer to its operational limits. Namely the power 
system should maintain the stable operation after the 
loss of largest unit. Consequently a larger unit needs to 
be provided with larger generating reserves, network 
reserves and transmission reserves. 
As known, the larger synchronous areas provide better 
reserving for large generating unit, firstly due to the 
bigger electromagnetic inertia of the area and, as a 
consequence, better primary load and frequency 
regulation. 
The technical feasibility for the largest generating unit 
in long-term perspective (2025 year) in autonomous 
BPS was analysed in [2]. The largest unit was simulated 
to be installed in Visaginas NPP (projected to replace 

Ignalina NPP). It was found that largest capacity range 
from 123 MW in Lithuanian isolated performance (no 
interconnections with adjacent power systems) to 
293 MW in BPS autonomous performance (no 
interconnections to other regions) in winter peak load 
conditions. Those capacities were determined mainly by 
very limited availability of primary regulation in small 
power system under consideration. 
This paper is extension of analysis [2] and is focused on 
significantly larger synchronous areas. The purpose of 
this paper is to find the feasible capacity of a largest 
generating unit in BPS connected synchronically either 
to SGCE or to IPS/UPS.  
The scope of this paper does not include economic 
considerations. 
Abbreviations 
BPS – Baltic PS; EPS – Estonian PS; Estlink 1, 2 – 
existing (1) and planned (2) submarine power 
interconnections between EPS and NSG; HPP – Hydro 
Power Plant; HPSPP – Hydro Pump Storage Power 
Plant; IPS/UPS – Integrated Power System/Unified 
Power System; LitPol Link – planned power link 
between the LTPS and the SGCE; LTPS – Lithuanian 
PS; LVPS – Latvian PS; NordBalt – planned submarine 
power interconnection between LTPS and NSG; NPP – 
Nuclear Power Plant; NSG – Nordic Synchronous Grid, 
composed of Norwegian, Swedish, Finnish and the 
eastern part of the Danish networks; PP – Power Plant; 
PS – Power System; SGCE – Synchronous Grid of 
Continental Europe. 

 
2. Approach 

 
The major approach undertaken to the problem as 
formulated above was simulation of power system 
operation in steady-state and transient operational 
situations.  
As prerequisite for simulation, the sufficiency of 
secondary reserves was set. The reserves were taken 
summing-up reserving capacities available in BPS in 
2025. There was no problem to select reserves sufficient 
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for N-1 cases when the lost PS element was the largest 
unit in BPS. In all the cases it was nuclear unit in 
Visaginas NPP. It capacity ranged from minimal 
950 MW up to 1600 MW. 
Steady-state acceptability of operational situations was 
checked from overloading conditions for power lines, 
transformers and buses, covering both thermal ratings 
of current-carrying elements and voltage limits.  
Dynamic stability was checked by the stabilization of 
fluctuating parameters of a relevant PS element 
(generator, line or busbar), with duration of stabilization 
and range of fluctuation. 
Both winter peak (i.e. annual maximum) and summer 
peak-off (i.e. annual minimum) were simulated as 
boundary operations. 
Differently from preceding analysis [2], the shortage of 
primary regulation reserves for large synchronous areas 
under consideration (BPS synchronically with IPS/UPS 
or with SGCE) was not as crucial as for isolated 
operation of BSP. 
The asynchronically connected power systems (as NSG) 
are assumed to contribute neither to primary load- 
frequency regulation nor to secondary regulation. 

 
3. System development scenarios 

 
The analysis covers time horizon for the period 2016-
2025 years under 2 different synchronous BPS 
interconnection cases – with Synchronous Grid of 
Continental Europe (SGCE) and Integrated Power 
System/Unified power system (IPS/UPS of Russia). The 
interconnection scenarios were formulated as presented 
in Fig. 1. 

 
 

IPS/UPS 

1A 

Links with 
SGCE    0 

NordBalt 
0 

Estlink
350

1B 

0 0 1000 

1C 

0 1000 1000 

1D 

1000 0 350 

IPS/UPS 
0 MW 

2A 

500 700 1000 

2B 

1000 700 1000 

2C 

1500 700 1000 

2D 

2000 700 1000 

1 

1E 

1000 0 1000 

1F 

1000 1000 1000 

2 

2E 

1000 1000 350 

2F 

1000 1000 1000 

IPS/UPS 
1500 MW 

3A 

1000 1000 1000 

3B 

1500 1000 1000 

3 

sy
nc

hr
on

ou
s 

as
yn

ch
ro

no
us

 

 
 

Fig. 1. Tree of analysed scenarios in synchronous and 
asynchronous BPS-IPS/UPS interconnection cases in 2025 

The possibilities of the BPS to operate with the large 
generating unit have been correlated to system grid 
development level (new power transmission lines, as 
well as new interconnections). 
The system simulation model included also power 
systems of Belarus, Ukraine, part of Russia (Center PS, 
North-West PS, and PS of Kaliningrad region), 
equivalent buses of NSG and SGCE.  
Estonian transmission network is extended by 330 kV 
transmission lines Kiisa-Sindi, Tartu-Sindi and 
interconnection to Latvian grid (Sindi-Riga). 
Latvian transmission network is extended by 330 kV  
power loop in western part of system – Riga (Imanta)-
Tume-Ventspils-Grobina and 330 kV ring around Riga 
city (by building transmission line Riga CHP-1-Imanta). 
Lithuanian grid was simulated as renewed with 330 kV 
transmission lines Klaipėda-Telšiai, Panevėžys-Mūša 
and double circuit line Kruonis HPSPP-Alytus [3], [4] 
(Fig. 2). 
By the public international opinion [5] the 
interconnected power systems with total power capacity 
about 70-80 GW are optimal from the point of view of 
assurance the stability of frequency, maintenance of 
power reserves and dispatching control. Total load of 
SGCE was about 400 GW, and that of IPS/UPS – about 
215 GW [6]. 

 

 
 

Fig. 2. Projected Baltic Power system transmission grid in 
2025 in scenarios 2C, 3B 

 
The range of total generation in the scenarios 1A-3B as 
well as PS loads are presented in Table 1. The loads of 
were taken from [3] and corrected (reduced) basing on 
own assumptions on reduction of load growth because 
of the global financial crisis. 
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Table 1. The margins of total generation and loads in BPS in 
scenarios 1A-3B in 2025 

 

Power system Winter peak Summer peak-off
 
BPS 
EPS 
LVPS 
LTPS 

Generation, MW 
5853...7146 
1091…1243 
934…1118 
3797...4882 

2584...3455 
442…537 
488…568 

1540…2358 
 
BPS 
EPS 
LVPS 
LTPS 

Load, MW 

5672 
1786 
1515 
2370 

1969 
564 
470 
935 

 
4. Major findings 

 
The major findings were values of largest unit for each 
scenario as presented in Table 2.  

 
Table 2. Maximal unit values derived from simulated 
operations of power systems 

 

Scenario 
NPP unit operating 

capacity, MW 
Unit maximal capacity 
determined by dynamic 

calculations, MW 

Winter peak 
Summer 
peak-off 

Winter peak 
Summer 
peak-off 

1A 2x1600 1x1600 1550 1320 
1B 2x1600 1x1600 1600 1600 
1C 2x1600 1x1600 1600 1600 
1D 2x1600 1x1600 1600 1600 
1E 2x1600 1x1600 1600 1600 
1F 2x1600 1x1600 1600 1600 
2A 2x950 1x950 950* 950* 
2B 2x1341 1x1253 1600 1350 
2C 2x1500 1x1500 1600 1600 
2D 2x1600 1x1600 1600 1600 
2E 2x1397 1x1306 1600 1600 
2F 2x1416 1x1351 1600 1600 
3A 2x1564 1x1499 1600 1600 
3B 2x1564 1x1499 1600 1600 

* constrained by possibilities of primary reserve through 
LitPol Link from SGCE 

 
The simulation revealed that dynamic stability constraints are 
a bit softer as steady-state stability scenarios (more scenarios 
with acceptable 1600 unit capacity as compared to steady-
state simulations). 

 
5. Synchronous operation of Baltic Power System 

with IPS/UPS 
 

In synchronous BPS operation with IPS/UPS case there 
were six scenarios of asynchronous interconnections 
with NSG and SGCE. The parameters of one most 
stressed scenario 1A in winter peak and summer peak-
off load conditions after disconnection of 1600 MW 
generating unit are presented in Table 3. As it is seen 
from this table no one of parameters exceeds the 
boundary values. Maximal generating unit capacity, 
derived from dynamic calculations in this scenario are 
1550 MW in winter peak and 1320 MW in summer 
peak-off load conditions. 

 

Table 3. The operational parameters of most stressed scenario 
1A  

 

Parameter Winter peak Summer peak-off 
steady-state operation 

Maximal line 
load, (% of 
thermal rating)

330 
kV 
110 
kV 

Krustpils-Līksna 
269 MW (47%) 
Loo-Aruküla  
57 MW (78%) 

Tartu-Balti PP  
128 MW (21%) 
Metal-Lmet  
72 MW (50%) 

330 kV bus, 
p.u. 

max 
min 

Rēzekne 1,084 
Harku 1,040 

Šiauliai 1,090 
Harku 1,023 

110 kV bus, 
p.u. 

max 
min 

Utena 1,082 
Sikassaare 0,988 

Pļaviņu HPP 1,095
Raseiniai 1,014 

Maximal generating 
unit capacity, MW 

1550* 1320* 

* by dynamic stability simulation 
 

Others scenarios admit 1600 MW largest unit capacity 
in both winter and summer load conditions. 
It could be noted that bus voltage levels in 330-110 kV 
grid were found to be high, above 1,00 p.u. in winter 
peak operational situations in all the scenarios. 
Similarly, the network lines were far from overloading, 
especially in summer peak-off operational situations. 

 
6. Synchronous operation of Baltic Power System 

with SGCE 
 

In synchronous BPS operation with SGCE there were 
eight scenarios of asynchronous interconnections with 
NSG and IPS/UPS. The parameters of one of the most 
stressed scenario 2B in winter peak and summer peak-
off load conditions after disconnection of respectively 
1341 MW and 1253 MW generating unit capacity are 
presented in Table 4.  

 
Table 4. The operational parameters of scenario 2B  

 

Parameter Winter peak Summer peak-off 
steady-state operation 

Maximal 
line load (% 
of thermal 
rating) 

330 
kV 
110 
kV 

Krustpils-Liksna 
353 MW (62%) 
Pärnu Jaagupi-Sindi 
54 MW (85%) 

Eesti PP-Tsirguliina 
107 MW (18%) 
Haapsalu-Martna 
31 MW (64%) 

330 kV bus, 
p.u. 

max 
min 

Vilnius 1,082 
Harku 1,045 

Šiauliai 1,097 
Aruküla 1,019 

110 kV bus, 
p.u. 

max 
min 

Kabli 1,095 
Limbaži 0,999 

Kaunas 1,096 
Salacgrīva 1,000 

Generating unit 
capacity 

1341 MW 1253 MW 

dynamic stability  
1st disturbing event –
short circuit in line 

Visaginas NPP-
Utena 

Visaginas NPP-
Neris 

Voltage transient in 
NPP 330 kV bus 

30 s 
0…1,10 p.u. 

22 s 
0...1,10 p.u. 

Angle transient of 
NPP unit rotor  

30 s 
57...120 

50 s 
67...130 

2nd disturbing event 
– disconnection of 
Visaginas NPP unit 

1341 MW 1253 MW 

Voltage transient in 
NPP 330 kV bus 

16 s 
0...1,10 p.u. 

30 s 
0...1,10 p.u. 

Power flow transient 
in line Alytus-Elk 

45 s 
-600...500 MW 

50 s 
-470...470 MW 

Gen. unit capacity 1600 MW 1350 MW 
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As it is seen from this table no-one of parameters 
exceeds the permissible values. Maximal generating 
unit capacity, derived from dynamic stability simulation 
in this scenario are 1600 MW in winter peak and 
1350 MW in summer peak-off load conditions. 
As for section 5, high bus voltage levels in 330-110 kV 
grid have been found particularly, above 1,00 p.u. in 
winter peak operational situations in all the scenarios. 

Similarly, the network lines were far from overloading, 
especially in summer peak-off operational situations. 
Voltage dynamic behaviour in selected nodes after first 
disturbing event (Table 4) is shown in Fig. 3. 
Power flow transients after second disturbing event – 
disconnection of Visaginas NPP unit operating at 
1253 MW – are presented in Fig. 4. 
 

 

 
 

Fig. 3. Voltage transients in LTPS after tripping of power line NPP-Utena in selected nodes in winter peak scenario 2B 
 

 
 

Fig. 4. Power flow transients in tie-line Alytus-Elk after disconnection of NPP generating unit in summer peak-off scenario 2B 
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As it is seen from the figures mentioned above, the 
transients damp after acceptable time without additional 
intervention measures. 
Others scenarios (2C-3B) with the same or more 
extended BPS-SGCE interconnection capacity give 
1600 MW largest unit value in both winter and summer 
operational situations. 

 
7. Conclusions 

 
1. From secondary reserving point of view, the largest 
generating unit will be fully provided with generating 
reserves from Baltic Power System. 
2. From network constraints point of view, in majority 
of selected scenarios the largest unit is reserved by 
transmission network capacities ensuring the steady-
state and dynamic stability of synchronous areas. 
3. The largest generating unit of Baltic Power System in 
Visaginas NPP could be projected for the rating of 
1600 MW in majority of selected Baltic-SGCE and 
Baltic-IPS/UPS interconnection scenarios. This rating is 
determined mainly by the transfer capacity of 
synchronous interconnection necessary for the first-
moment support from adjacent systems. 
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Abstract: With power demand increasing around the 
world, power transmission needs to be developed, as 
well. Driving forces are a rapid increase of inter-utility 
and inter-regional power transfer, in conjunction with 
growing constraints on building new transmission lines. 
Increasing wind power penetration calls for measures to 
maintain grid stability for varying conditions, as well. 
With FACTS, voltage and angular stability can be 
improved, enabling increased power transmission 
capability in a cost and time effective way. With SVC, 
dynamic voltage control is achieved for steady-state as 
well as transient grid conditions. With series capacitors, 
angular stability is improved, permitting increased 
power transmission over existing as well as green-field 
lines. Salient design features are given, as well as two 
recent cases of utilization in different parts of the world. 
 
Keywords: Angular stability, Dynamic voltage control, 
FACTS, Power transmission capacity, Series capacitors, 
SVC, Thyristor controlled reactors, Thyristor switched 
capacitors. 

 
1. Introduction 

 
Blackouts in the USA and Europe have focused 
attention on the importance of secure and reliable 
supply of power to homes, public institutions and 
industry. It is recognized that a significant number of 
grids are plagued by under-investment, exacerbated by 
the uncertainty of roles and rules within the electricity 
supply industry brought about by on-going de-
regulation. 
For instance, recent years´ unbundling of power 
generation and transmission means that grid companies 
no longer can be certain to rely on generators for 
reactive power, i.e., transmission suppliers may have to 
provide their own vars. 
A vital characteristic of FACTS (Flexible AC 
Transmission Systems) is just this, i.e. the ability to 
provide reactive power in grids for a variety of 
situations, thereby helping to maintain, or, in the most 
difficult cases, restore grids to stable operating 
conditions.  

The rapid increase of wind power penetration in several 
regions of the world may also have a destabilizing 
effect on the grid and is likely to place more emphasis 
on the resilience of transmission networks.  
Traditionally the strengthening of power grids has 
involved the construction of new transmission lines, 
usually at considerable cost and time expenditure and in 
the face of substantial public objections. This may in 
many cases not be the best way, however. FACTS 
devices such as SVC (Static Var Compensator) and 
Series Capacitors are offering options for added stable, 
cost effective bulk transfer of power over existing as 
well as green-field transmission systems.  
In the Baltic Sea region specifically, effective 
interconnection within the region has been identified as 
a priority energy infrastructure project by the European 
Council. The main goal within the context of the EU’s 
20/20/20 objectives is the full integration of the three 
Baltic States into the European energy market through 
the strengthening of interconnections with their EU 
neighbouring countries [1].  

 
2. Voltage stabilization 

 
Behind a voltage collapse, there is usually a deficit of 
reactive power, as typically, reactive power is needed to 
maintain proper voltage levels in a power system. 
However, reactive power should not travel over long 
distances, because it is associated with voltage gradients 
as well as power losses. Therefore, reactive power 
should be provided where it is needed (load centres). 
Providing reactive power at the right instant and at the 
right location(s) is a potent way of preventing, or at 
least limiting, blackouts. Providing an SVC at the load 
point will, within its range, maintain the load voltage 
within rated limits (Fig. 1). It should be observed that 
the SVC must be sufficiently rated to cope with the 
most severe case of loading in a given situation. 
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Fig. 1.  Voltage at a load busbar as a function of loading, with 
and without SVC 
 

3. Angular stability improvement 
 
With regard to angular stability improvement, series 
compensation is highly efficient. By installing series 
compensation, the overall reactance between the line 
ends is reduced. The power transfer across a line can be 
approximated by the expression:  
 

sin21 
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P ;  (1) 

where  
P = Active power transfer; 
U1 and U2 = end voltages of the transmission circuit; 
XLINE = line reactance; 
XFSC = reactance of the series capacitor; 
δ = voltage angular difference. 
It follows that for a certain power transfer (P), and with 
U1 and U2 more or less constant, reduction of the overall 
transfer reactance will be a potent means for reducing 
the angular difference between the line ends (δ), and 
thereby increasing angular stability. This makes series 
compensation very cost effective.  
An alternative way of expressing the impact of series 
compensation is by means of an increase of 
synchronizing torque, equal to the slope of the power vs 
angle separation relationship given by (1). 
The influencing of transmission reactance by means of 
series compensation also opens up for optimizing load 
sharing between parallel circuits, thereby bringing about 
an increase in overall power transmission capacity 
again. Likewise a valuable feature, active losses 
associated with power transmission can be decreased, as 
well. 

 
4. Static var compensation 

 
An SVC is based on thyristor controlled reactors (TCR), 
thyristor switched capacitors (TSC), and/or Fixed 
Capacitors (FC) tuned to harmonic filters. Two common 
design types, each having its own specific merits, are 
shown in Figure 2a and 2b. 
 Basic diagrams of one phase of a thyristor-controlled 
reactor (TCR) and a thyristor-switched capacitor (TSC) 
are shown in Fig. 3 and Fig. 4.  
  

     
a)          b) 

 
Fig. 2. TCR / FC configuration (a) and TCR/TSC/FC 
configuration (b) 
 
A complete SVC based on TCR and TSC may be 
designed in a variety of ways, to satisfy a number of 
criteria and requirements in its operation in the grid. In 
addition, slow vars by means of mechanically switched 
capacitors (MSC) can be incorporated in the schemes, 
as well. 
The fast var capabilities of SVC make it highly suitable 
for performing the following functions: 
 Steady-state as well as dynamic voltage control, 

yielding power transfer capability increases and 
reduced voltage variations. 

 Synchronous stability improvements, yielding 
increased transient stability and improved power 
system damping. 

 Power quality improvement in grids feeding heavy 
industrial loads. 

 
4.1. TCR 
 
A TCR consists of a fixed reactor in series with a bi-
directional thyristor valve (Fig. 3). TCR reactors are as 
a rule of air core type, glass fibre insulated, epoxy resin 
impregnated.   
 

 
 
Fig. 3. Operating principle of TCR 
 
In the TCR, current control is achieved by controlling 
the instant of thyristor firing (firing angle control). The 
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TCR current assumes the shape of a pulse train, the 
starting instant of each pulse set by the firing angle  
(Fig. 3).  By Fourier analysis, the fundamental (50 Hz) 
current component I1 can be extracted and expressed as 
 

 


 )(2sin)(21 


I

I ;  (2) 

 
where 
I = Total TCR current; 
 = Thyristor firing angle. 
From (2) it follows that the fundamental current I1 

displays a monotonous decrease as a function of , with  
I1 = I for  = 90º (TCR fully conducting) and I1 = 0 for 
 = 180º (TCR blocking). Consequently, I1 can be 
continuously controlled over its full range set by the 
rated voltage of the shunt reactor and the reactor 
inductance. 
Furthermore, the TCR current has half-wave symmetry 
(Fig. 3), which means that the harmonic content 
comprises odd harmonics only. Of these, all triplen 
harmonics (3rd, 9th, etc) are of zero-sequence character 
and can be eliminated by delta connecting the TCR. The 
remaining harmonics (5th, 7th, 11th, etc) decrease in 
intensity as the harmonic number increases, and in 
practice, harmonics above the 13th can usually be 
neglected. 
The remaining harmonics are readily dealt with by 
means of harmonic filters. 
 
4.2. TCR: state of the art 
 
In recent years, TCR technology has undergone strong 
development, particularly as concerns the following: 

1. Thyristor technology 
2. Valve design 
3. Noise abatement 

1.The development of thyristor technology has enabled 
the employment of bi-directionally controlled thyristors 
(BCT). In the BCT, anti-parallel thyristors are 
integrated on a common silicon wafer and therefore, 
only one thyristor stack is required. With this 
arrangement, half the number of thyristor housings and 
heat sinks are needed. The number of components in a 
valve and the number of connection points for the water 
cooling is reduced. As well as giving a more compact 
valve design, it is obviously also an improvement from 
a maintenance and reliability point of view. 
2.Thyristor valves consist of single-phase assemblies, 
with electrical firing of thyristors. The energy for firing 
is taken from snubber circuits, also part of the valve 
assembly.  
Recent development of valve design allows direct 
connection of the TCR to up to 69 kV grid voltage, i.e 
without any need for an intermediate transformer [2]. 
This allows direct connection of the SVC for all 
common distribution system voltages, as well as several 
sub-transmission grid voltages. 
Not having to resort to an intermediate transformer for 
connecting the SVC to the grid brings a number of 
benefits to the installation: 

 A simplified SVC scheme 
 A substantial hardware cost saving 
 A saving of space 
 A saving in transportation cost, weight and 

volume 
 A saving of plant losses 
 No oil handling, which saves environment and 

diminishes fire hazard 
3.TCR reactors have become available with special and 
elaborate precautions against audible noise emission. 
Since TCR reactors are traditionally one of the main 
sources of noise from SVCs, this is an important 
improvement from an environmental point of view. 
Large TCR reactors are installed today with noise levels 
up to 20 dB below the level of reactors of a traditional 
design (Fig. 4). 
 

 
 
Fig. 4. Low noise, single-phase TCR reactors 
 
4.3. TSC 
 
A TSC consists of a capacitor bank in series with a bi-
directional thyristor valve and a damping reactor which 
also serves to de-tune the circuit to avoid parallel 
resonance with the network (Fig. 5).  
 

 
 

Fig. 5. Operating principle of TSC 
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The thyristor switch acts to connect or disconnect the 
capacitor bank for an integral number of half-cycles of 
the applied voltage. The TSC is not phase-angle 
controlled, which means it does not generate any 
harmonic distortion. 
 
4.4. SVC characteristics 
 
An SVC has a voltage-current (VI) characteristic as 
shown in Fig. 6. The SVC current/susceptance is varied 
to regulate the voltage according to a droop 
characteristic, or slope. The slope setting is important in 
coordination with other voltage control equipment in 
the grid. It is also important in determining at what 
voltage the SVC will reach the limit of its control range. 
A large slope setting will extend the active control 
range to a lower voltage, but at the expense of voltage 
regulation accuracy. 
In Fig. 6, the voltage improving effect of the SVC is 
demonstrated for three different load cases by letting the 
SVC characteristic intersect with system load lines for 
the following cases (Slope: Xs): 

 
1: Nominal voltage & load 
2: Under-voltage, e.g. due to generator outage 
3: Over-voltage, e.g. due to load rejection. 

 

 
Fig. 6.  System voltage correction by means of SVC 

4.5. SVC control 
 
The main objective of the control system is to determine 
the SVC susceptance needed in the point of connection 
to the power system, in order to keep the system voltage 
close to some desired value. This function is realised by 
measuring the system voltage and comparing it with a 
set (reference) value. In case of a discrepancy between 
the two values, the controller orders changes in the 
susceptance until equilibrium is attained (Fig. 7). 
The controller operation results in a susceptance order 
from the voltage regulator which is converted into firing 
orders for each thyristor. The overall active SVC 
susceptance is given by the sum of susceptances of the 
harmonic filters, the continuously controllable TCR, 
and the TSC if switched into operation. The control 
system also includes supervision of currents and 
voltages in different branches. In case of need, 
protective actions are taken. 

 
Fig. 7.  SVC  control system: block diagram 

5. SVC: a recent case  
 
As a result of large power demanding industry 
development in central Norway, the demand in the 
region has increased dramatically and is expected to 
grow further. The power import capacity to the region 
was previously limited by the risk of voltage collapse. 
As a remedy, two SVCs were commissioned in 2008, as 
well as nine MSCs. With the installation of the SVCs, 
the power import capacity to the region has increased 
by 200-400 MW, depending on the operating conditions 
[3]. 
The SVCs, of TCR/TSC/FC design (Fig. 2b), and each 
rated at -/+250 Mvar, were installed at Viklandet and 
Tunnsjödal substations in the 420/300 kV power 
transmission network, Fig. 8. At Viklandet, the system 
voltage is 420 kV. At Tunnsjödal, the voltage is limited 
to 300 kV, but earmarked to be upgraded to 420 kV at a 
later stage. Also at Tunnsjödal, a 100 Mvar MSC is part 
of the scheme, for increased short term capacitive 
capability, utilizing the inherent short term overload 
capability of the SVC transformer.   

 
 

 
 
 
 
 
 
 
 
 
 
 
 

 
 
 
 
Fig. 8.  420/300 kV SVCs in Norway   

 
The dynamic range is achieved by means of three TCR 
and two TSC branches in parallel in each SVC. The 
build-up of the thyristor valves can be seen in Fig. 9. 
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Fig. 9.  Thyristor valves for TCR and TSC branches 
 

The purpose of the SVCs is to perform system control 
tasks as follows: 

 Steady state voltage control at Viklandet 420 
kV bus as well as Tunnsjödal 420 (300) kV 
bus. 

 Enhanced damping of system electro-
mechanical oscillations by means of POD 
(Power Oscillation Damping) based on active 
power measurements. 

 Control of an external MSC in the substations. 
This will reserve a dynamic SVC range to be 
utilized for system contingencies. 

 
5.1. Power oscillation damping 
 
There are several well-known local area as well as inter-
area power oscillation modes in the Norwegian power 
system [3]. These modes include an inter-area 0.45 Hz 
oscillation between Norway and Finland, a 0.65 Hz 
oscillation between Norway and southern Sweden, and 
a local 0.85 Hz oscillation within the Norwegian grid. 
The Viklandet and Tunnsjödal SVCs are equipped with 
Power Oscillation Dampers to damp particularly the 
local 0.85 Hz oscillation mode.  
A photo of one of the SVCs is displayed in Fig. 10. 

 
 
 
 
 
 
 

 
 

 

 

 

 

 

Fig. 10.  Norwegian -250/+250 Mvar SVC   
 
 

6. Series compensation 
 
Series compensation has been utilized for many years 
with excellent results in AC power transmission in a 
number of countries all over the world. The usefulness 
of the concept has been demonstrated over and over 
again, with hundreds of successful installations in 
operation at the highest voltages (765 kV) down to the 
lowest. The impact of fixed series compensation can be 
demonstrated by Fig. 11. Not only angular stability is 
improved, but also the system voltage.  
 

 
Fig. 11. The impact of series compensation on a) voltage and 
b) angular stability 
 
To summarize, series compensation of power 
transmission circuits enables several useful benefits: 
An increase of active power transmission over the 
circuit without violating angular or voltage stability; 
An increase of angular and voltage stability without 
derating power transmission capacity; 
A decrease of transmission losses in many cases; 
A reduction of the number of required EHV lines.  
 
6.1. Main circuit design 
 
The main circuit diagram of a state of the art series 
capacitor is shown in Fig. 12.  
 

  
 
Fig. 12.  Series capacitor scheme 
 
The series capacitor protective scheme consists of a 
Metal Oxide Varistor (MOV), Current Limiting 

FPD 

CLDE 

MOV 
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Damping Equipment (CLDE), a Fast Protective Device 
(FPD), and a Bypass Switch. The CLDE consists of a 
current limiting reactor, plus a resistor and a varistor in 
parallel with the reactor. The purpose of the resistor is 
to add damping to the capacitor discharge current, and 
thus quickly reduce the voltage across the capacitor 
after a bypass operation. The purpose of the varistor is 
to avoid fundamental frequency losses in the damping 
resistor during steady state operation. 
A novel approach to protection is introduced by means 
of the FPD, replacing the conventional spark gap (Fig. 
12). The FPD, unlike conventional spark gaps, is 
hermetically sealed and operates under over-pressure, 
which enables an environmentally proof as well as 
compact build-up of the device. By cascading operation 
of an arc plasma injector and a fast mechanical contact, 
closing the FPD is achieved in a matter of a few 
milliseconds. At re-opening, the arc plasma injector is 
fully de-ionized, and the FPD, if needed, can be 
operated again without any delay [4]. By this means, a 
number of improvements are attained for the 
functionality of the series capacitor, and thereby also for 
the power system in which the series capacitor is 
operating: 

 More compact 
 Unaffected by the environment 
 Capacitor by-passing possible for a wide range 

of voltages 
 Added flexibility for future series capacitor 

upgrading. 
The design of the arc plasma injector is based on a 
fundamental law of physics, according to which the 
breakdown voltage of a plasma gap is a function of the 
length of the plasma gap and the gas pressure. This 
together with an efficient triggering procedure allows a 
plasma gap of small physical dimensions and hence, a 
compact FPD.  
 

 7. Series capacitors for added hydro power  
transmission   

 
A series capacitor rated at 108 Mvar is operated in the 
230 kV power transmission grid of Hydro-Québec in 
Canada. The series capacitor has the task of increasing 
the power transmission capacity over an existing inter-
connector bringing power from several hydro power 
plants down to the consumer areas. 
 The interconnector is 145 km long and consists of a 
single circuit 230 kV line. Its initial power transmission 
capacity was exceeded as new hydro power generating 
facilities were going on line upstream, and more than 
150 MW of additional hydro power needed to be 
transmitted over the interconnector. In this situation, 
series compensating the existing line came as an 
attractive option to the traditional solution of building a 
new, parallel 230 kV line, or upgrading the existing line 
to a higher voltage. 
The main technical data of the series capacitor are 
summarized in Table 1. A site picture of the series 
capacitor is shown in Fig. 13.  
  

Table 1. Main technical data 
 

Rated system voltage 230 kV 
Rated reactive power 108 Mvar 
Rated current per phase 1000 A 
Overload current, 30 min 1350 A 
Rated phase reactance 36 Ω 
Rated MOV energy 32 MJ/3-phase 
 

 
 
Fig. 13.   230 kV series capacitor 

 
8. Conclusions 

 
With FACTS, power grid performance can be improved 
in a cost and time effective way. The paper treats SVC 
and series compensation for alleviating limitations on 
power transmission capability by improving the voltage 
and angular stability in grids. 
SVCs have undergone important development in recent 
years. In the paper, improvements particularly of 
thyristor technology and thyristor valve design, as well 
as diminished audible noise emission are highlighted. 
In series compensation, protection from overvoltage due 
to grid faults has evolved. The paper treats a novel 
scheme based upon an arc plasma injector and a fast 
mechanical contact, enabling fast and accurate by-pass, 
unaffected by environmental conditions and for a wide 
range of voltages. 
Examples of the improvement of power transmission 
capability of existing grids by means of SVC and series 
capacitors are given. 
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Abstract: This paper presents the permissible conductor 
temperature and load current calculation principles. On 
the one hand, the principles are based on mechanical 
limitations like the physical characteristics of the 
conductor, conductor sag, ground clearance and 
clearance to the crossed objects; on the other hand, 
thermal limitations, which take into account the 
mechanical limitation and the climate conditions. A 
special program was used for mechanical calculation of 
a particular 330 kV overhead line, which is also 
presented in the paper. The theoretical background of 
allowable conductor temperature and load current 
calculation as well as the simulation results is reviewed 
in the paper.  
 
Keywords: Mechanical limitation, thermal limitation, 
loads current, overhead line, conductor temperature. 

 
1. Introduction 

 
The joint Interconnection of the Power Systems of 
Estonia, Latvia, and Lithuania as a unite power pool 
(the Baltic IPS), which includes the state–owned power 
systems of Estonia and Latvia as well as Lithuania’s 
TSO Lietuvos energija. One of the main objectives of 
the Baltic IPS is integration into the Western European 
electricity market, along with the development of 
regional co-operation. Expansion of the transmission 
grid is planned in near future by interconnecting it with 
the Polish power system. The cross-border transmission 
project between Lithuania and Poland is of highest 
importance for the development of an integrated EU 
electricity market and the improvement of supply 
reliability [1].  
Due to the increase in the capacity of the existing 
network of the Baltic region in normal mode, which is 
caused by the new electrical connections of the Baltic 
power systems [2], uprating of the existing network 
becomes necessary. One of the possible methods for 
increasing the throughput capacity of a transmission 
line is using exact calculation models or methods of 
calculating the line loading capability depending on the 

electrical and thermal characteristics of the conductor as 
well as atmospheric parameters. Based on the generally 
known heat equation, which describes the relationships 
between these parameters, is examined in detail at 
normal operation and fault current operation in [3], 
where the allowable temperature is assumed to be 
known for determining the permissible loading. 
This paper deals with the allowable conductor 
temperature calculation principles based on the weather 
conditions and the mechanical characteristics of the 
transmission line. The permissible load current is 
determined, based on the calculated allowable 
conductor temperature.  
 

2. The overhead line model for estimating the 
permissible load current  

 
The allowable load current calculation is based on the 
“Kurzeme Ring” (KR), the planned 330 kV overhead 
line (see Fig. 1). The reconstruction of the existing 110 
kV transmission network loop in the Western part of 
Latvia, the “Kurzeme Ring”, has the purpose of 
increasing the transmission capacity and voltage level to 
330 kV, because of, firstly, low power supply reliability 
due to bottlenecks in the Kurzeme network, secondly, 
the strong dependence of the Baltic region power 
network on limited power suppliers and isolation from 
the European power market; thirdly, the limited 
possibilities for the development of generating 
capacities in Latvia (the use of renewable power) [4].  
The KR constitutes part of the larger NordBalt project, 
the implementation of which implies the installation of 
the interconnection Latvia – Estonia – Sweden with a 
view to improve the power supply reliability in the 
Baltics. As a result of the implementation of the 
international energy infrastructure development project, 
the Baltic electricity market will be developed, ensuring 
electricity purchase, sale and transit possibilities with 
other European Union Member States [5]. 
The situation of the existing 110 kV overhead line is as 
follows. A double–circuit 110 kV line “GROBINA – 
VENTSPILS”, that is, LN-266/267; 268 (see Fig. 2), 
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which is proposed for the supply of the facility 
Ventamonjaks and of the Ventspils city as well as the 
region’s other consumers, besides, the city of Aizpute 
and regional consumer distribution.  

 

 
Fig. 1. A simplified diagram of the “Kurzeme Ring”  
 
Analysing the reliability of the existing 110 kV 
transmission network situation, it was concluded, that it 
cannot provide an adequate level of supply. This 
insufficiency was evidenced in 2005, when a large part 
of the region’s population was left without electricity as 
a result of fierce storms.  For this reason, the 
construction of the “Kurzeme Ring” is a good 
opportunity to reduce the occurrence of such accidents, 
at the same time increasing the operativeness of 
emergency repairs. Besides, implementation of the 
project will increase the reliability of electricity supply 
to consumers in the whole Kurzeme region and its 
towns and ensure the potential of connecting new 
electrical installations of users.   

 

Fig. 2. Part of the electrical diagram of the Latvian power 
network, indicating the location of substations “GROBINA 
and VENTSPILS”  

 

3. The mechanical limitation  
 
The allowable temperature determination principles take 
into account various conditions, for example, the 
physical characteristics of the examined conductor, like  
diameter, weight, strength, thermal elongation (see 
Table 1), and mechanical limitations like conductor sag, 
ground clearance and clearance to crossed objects.  

 
Table 1. The technical characteristics of the planned 330 kV 
conductor  

Conductor  AC-400/51 
Diameter, mm 27.5 
Area, mm² 445.1 
Weight, kg/m 1.49 
Strength, GPa 77.0 
Thermal elongation,· 
10-6/°C 

19.8 

Electrical DC resistance @20°C, Ω/km 0.075 
Solar absorption coefficient 0.8 
Temperature coefficient of resistance per ºC 0.004 
 
To enable exact load current estimation, at special 
program was used for mechanical calculation of the 
planned line. The “Program for mechanical calculation 
and installation tables for power transmission line 
conductors and wires” is intended for mechanical 
calculation of the conductors of lightning protection 
wires and the corresponding installation tables [6]. 
There are two main limitations of  this program; firstly, 
the installation tables are calculated for a temperature 
range from –30ºС to +35ºС with a step of 10 degrees C; 
secondly, this program is not intended for calculating 
lines with large height differences within one span (for 
instance, in mountain regions) or lines in a special black 
frost mode, or spans longer than 700 metres (long 
transitions). The calculation methology of the 
conductors (wires) is based on approximate 
interrelationships based on the parabolic sag curve. It is 
assumed that both ends of the conductor span are 
situated at the same level.According to [7] conductors 
and wires shall be calculated for design loads that are 
determined by multiplying the normative loads by the 
following factors:  

1. The load reliability factor; 
2. The reliability factor regarding the degree of 

importance; 
3. The regional factor; 
4. The working conditions factor. 

Further follows a calculation of the critical spans and, 
based on it, a calculation of the modes for conductor 
calculation. These are followed by the systematic 
conductor calculation itself, based on an equation of 
state for eleven modes.   
This paper considers calculation of the permissible load 
current of five modes: 

I. Maximum temperature mode; 
II. Storm without wind mode; 

III. Average operation mode; 
IV. Storm with wind mode; 
V. Conductor heat-up mode. 

337



 

We have presented the obtained results of the 
systematic calculation for  determinating the mechanical 
limitation (see Fig. 3, 4). 

 

Fig. 3. The tension-length relationship of a particular 330 kV 
overhead line  

 

 
Fig. 4. The sag-length relationship of a particular 330 kV 
overhead line  
 
There are other programs for precise determination of 
the mechanical limitation, for example, the PLS–
CADD™ (Power Line Systems–Computer Aided Design 
and Drafting), an overhead power line design program, 
which integrates all the aspects of line design into a 
single stand-alone program with a simple, logical, and 
consistent interface, also, the sag – tension calculation; 
the thermal rating calculation, which is based on the 
metodology presented in [8]; there is a three– 
dimensional engineering model and a terrain model [9].    
All the above–mentioned factors are included in the 
presented allowable conductor temperature calculation 
method, which shows the influence of the main 
parameters on conductor temperature.  
 

4. The thermal limitation  
 
Based on well-known expressions, formulas (1) – (6) 
were derived for the presented simulation [10]. The 
thermal limitation, which is the allowable conductor 
temperature, can be found in the following way:  
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It means, that this type of estimation is used, when it is 
necessary to find the temperature of the conductor that 
is allowable according to the condition of retaining the 
distance (Hnorm – Hallow g) between wire and ground at 
mid-span; the span of the line is limited with tension 
supports and is equivalent. 
Of course, there are expressions where the scope of the 
described task is limited by the existence of an 
intermediate support and the result is equivalent to the 
following:  
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The paper considers an overhead line model, which runs 
over a plain region, and the ground clearance is equal 
with Hnorm and there are no objects crossed by the line. 
This model is simple; if is necessary to use a more 
complicated model, it means, using all the objects 
crossed by the particular line, then there are more 
complicated expressions for allowable conductor 
calculation; for example, if the line crosses any objects 
then the conductor temperature, considering the 
condition of retaining the distance between the wire and 
the crossed objects at any point of a span, limited by 
tension supports, is determined as follows:  
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At the same conditions, except that the span, is limited 
by intermediate supports, the calculation is as follows: 
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(4)   

 
The given expressions include such parameters as 
conductor temperature (tc ), length of span (l), modulus 
of elasticity (E), measured mid-span sag (f), specific 
conductor tension (γ1 ), sag at cross point of conductor, 
temperature tc  (fx), distance from the crossed object to 
the nearest support (x), the equivalent span (le), and also 
include the following conventional signs:     
1) ΔH – the difference between the measured and 

predetermined dimensions, the distance, respecting 
the permissible reduction of ΔHallow g,:  

 

( );norm allow gH H H H                        (5) 
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2) H – the vertical distance between the wire and the 
ground in the middle of the span, which is measured 
at the temperature tc, m; 

3) Hnorm – a predetermined distance between the 
conductor and the ground, m; 

4) ΔHallow g – the permissible reduction in the distance 
between the wires and the ground, m; for a 110-
150kV overhead line it is 0.5 m and, for a 220-
330kV line it is 1.0 m;  

5) Hx – the difference between the measured and 
predetermined dimensions, the distance, respecting 
the permissible reduction of ΔHallow o: 

( );x x norm allow oH H H H                       (6) 

6) Hx – the vertical distance between the wire and the 
crossed object, which is measured at the temperature 
tc, m; 

7) ΔHallow o – the permissible reduction in the distance 
between the wires and the crossed objects, m; for a 
110-500kV overhead line it is 1.0 m; 

8) Hnorm – the predetermined distance between the 
wires and the crossed object, m [11]. 
When the allowable conductor temperature has been 

determined by using the formulas (1) and (2), the 
allowable load current of the line can be found. 
A simplified estimate of the allowable load current 
takes into consideration the exact meteorological 
conditions and the vertical distances between wire and 
ground or between the wires and the crossed object and 
is calculated by the following formula [12]: 
 

,
( )s c

t

tI R
                                                  (7) 

where λs is the coefficient of heat radiating through the 
exchange, λc is the coefficient of heat exchange by way 
of convection, ∆t is the temperature rise, Rt is the 
resistance of the conductor at temperature t and I is the 
current rating of the temperature rise (∆t).  
 

5. Simulation results 
 
The simulation is based on four modes of systematic 
conductor calculation (see Chapter 3 above). The 
obtained data is shown in graphic form (see Fig. 5).  

 

Fig. 5. The load current depending on various modes of 
systematic calculation of the conductor of a particular 330 kV 
overhead line  

Upon analyzing the results it, can be concluded, that the 
calculated allowable load conductor temperature is 
70°C in all modes, thus the maximum load current value 
is increased. Fig. 5 shows the permissible load current 
values in various modes, for example,  the allowable 
load current values of mode No.3 (the average operation 
mode) is the maximum calculated, next is mode No. 2 
(storm without wind), which equals mode No.4 (storm 
with wind), and then goes mode No.1 – the maximum 
temperature mode. This cleary tell us, that mode No. 1 
has a thermal limitation, – the ambient temperature, by 
which the permissible load current is limited, and its 
output data is less than others represented curves. 
 

6. Conclusions 
 

The use of the described approach that takes into 
account the mechanical and thermal limitation for load 
current estimation provides new opportunities for 
capacity increasing by integrating the smart grid. 
Simulations confirm the necessity of the application of 
presented theoretical background of allowable load 
current determination, which allows determining an 
exact permissible conductor temperature under different 
modes of systematic calculation of the conductor, based 
on ambient temperature, wind velocity, wind direction, 
and solar radiation. Thus, the capacity of the 
transmission lines is greatly increased by determining 
exact allowable conductor temperature.     
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Abstract: A large scale variable speed generator (VSG) 
is planned to install in Kruonis Pumped Storage Power 
Plant. Transient processes created due to starting and 
stopping large scale VSG can cause power system 
disturbances and instable power system performance. 
Mathematical model of VSG has been created for 
modeling transient processes, determination of transient 
process parameters and assessment of impact to power 
system. VSG is described with nonhomogeneous 
differential equations. Digital filter method has been 
used for result calculation. Characteristics of active 
power, electromagnetic torque and electromagnetic 
flows in stator and rotor have been defined. 
 
Keywords: active power, reactive power, variable speed 
generator, transient process, electromagnetic torque. 

 
1. Introduction 

 
Utilization of large scale variable speed generator 
 

(VSG) in electrical power systems (EPS) had been 
problematic until the ninth decade of last century. 
However, development of semiconductor technology 
has made possibilities for creation of high-voltage 
components which enable high power excitation control 
system (ECS) creation. ECS allows manage a variety of 
processes in VSG at different operation modes [3]. 
Rotor speed control limits are defined by ±6% range of 
the synchronous frequency which allows changing the 
generated power by large range at different operating 
conditions. However, utilization of VSG is restricted by 
need and necessity of usage in EPS. One of possible 
fields of VSG use is hydropower [6]. Water is potential 
energy source, which has its own specific influence to 
transient processes and can cause serious problems: 
hydraulic shocks, vibration and cavitation [2]. The 
Objective of this research is to determine the 
dependence of VSG parameters to transient processes 
which are managed by ECS. 
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Fig. 1. Scheme of VSG excitation control system 
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2. Excitation control system structure 
 
Simplified ECS with rotor control circuit has been used 
in modeling (fig. 1). DC1 and DC2 sources are constant 
and equal to 0.5uds in direct current circuit because 
transient processes are managed by rotor circuit 
inverter. VSG basic impedances, rotor circuit voltage, 
number of poles and predicted active power has been set 
by designed neural network algorithm [4].Parameters 
for excitation control system initial and operational 
modes are formed through the current transformers 
TA1, TA2 and voltage transformers TV1, TV2. Rotor 
mechanical performance has been analyzed by 
mathematical digital filter and proportional integral 
cluster system after estimation of variation of stator and 
rotor circuit voltages, frequency and voltage phase 
values. 
Positive or negative feedback functions are 
synchronized with proportional integral (fig. 1). 
Proportional integral is described by inertia, non-inertia 
and amplifying clusters depending on the situation [2]. 
Basic hydro technical parameters are defined and hydro-
turbine mathematical model is developed and integrated 
in to ECS (fig. 1). 
 
3. Mathematical model of variable speed generator 

 
Most of the transient processes happen within nano and 
micro-seconds in EPS. These processes influence 
parameters of EPS stability. Transient processes caused 
by large scale VSG starting, stopping, short circuit and 
power regulation up and down could cause electrical 
and mechanical generator fluctuation [6]. 
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Fig.2. VSG equivalent scheme 
 
Development of dynamic mathematical model enables 
to simulate transient processes, parameters of transient 
processes and overall impact to EPS performance. VSG 
is described with differential nonhomogeneous 
mathematical equation system which cannot be assessed 
analytically. VSG equivalent scheme has been created 
based on classic theory of asynchronous machine 
(fig.2). Additional electromotive force sources created 
by electromagnetic forces have been added in scheme. 
Differential equations in reduced form have been 
developed for the VSG equivalent scheme. General 
form of the differential equations of the: 
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Matrix form has been derived according to the VSG 
equivalent scheme (Fig. 2.) and equations (1-4): 
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Where dt
dp  – is differential operator, 
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Current and voltage vectors in equation 5 have been 
transformed into the Park coordinate system [8]. 
Digital filter algorithm for determining vector position 
in space has been used for studying transient processes 
with general form: 
 

BuAxx  0
;   (6) 

DuCxy     (7) 

Where ix


  – components of current vectors. 
 
Intermediate coefficient matrices A and B describing 
VSG parameters and state have been expressed with 
intermediate inductance matrices M and N which have 
been formed by transforming equations (5): 
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Unit matrix C and zero matrix D: 
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The coefficient matrixes A and B becomes: 
 

NMA 1    (11) 
EMB 1    (12) 

 
Equation of digital filter with three-dimensional vector 
matrix has been developed for determining and 
analyzing dynamic VSG characteristics: 
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Solution has been obtained after solving equation (13): 
 

)0()()0()( 1BuAEexetx AtAt  .  (14) 

 
Reactive (Q) and active power (P), electromagnetic 
torque Te and flow distribution in stator and rotor 
circuits (Ψ) parameters of VSG have been calculated 
after determination of current vectors. Reactive and 
active powers are expressed by the following equations: 
Total active power: 
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Total reactive power: 
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Parameters of flow distribution in the windings are 
described with equations (17-20): 
In stator: 

qrmqssqs iLiL


 ;  (17) 

drmdssds iLiL


 .   (18) 

 
In rotor: 
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Electromagnetic torque:  
 

)(
22

3
qrdsdrqsme iiiiLpT


 ;  (21) 

 
Reduced inertia torque equation based on Newton’s law 
is: 
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Digital filter has been used to determine solution of 
inertia torque equation:  
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4. Mathematical simulation of transient processes  

 
Equations (1-23) had been used for transient 
mathematical modeling where the electromagnetic 
torque (Te), active and reactive power (p, q) values have 

been determined [8]. Hydro turbine and rotor is started 
up to minimal allowed rotor power of 0.5 p.u. by 
mechanical torque (Tm) created with the potential water 
energy [1]. 
Two different situations have been simulated in which 
mechanical torque changes in 0.01 s period (blue) and in 
0.5 s period (green) (fig. 3-7).  
Starting time is determined by inertial forces, turbine 
rotor and power of water. The value t=0 s is assumed 
when rotor electromagnetic torque is at Te = 0.5 while 
modeling transient processes. Mechanical torque (Tm) 
has been set manually and changes linearly (fig. 3). 
Simulation of transients processes is in 0 second – 4 
second time interval where at t = 1 s the mechanical 
torque is increased and thereby generated power is 
increased (P) and at time t = 2.5 s mechanical torque is 
reduced and thereby generated power is decreased (P) 
(fig. 6, 7).  
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Fig. 3. Mechanical torque of VSG 
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Fig. 4. Rotor angular frequency of VSG 
 
VSG generates unnecessary disturbances (t=0.2s) which 
gradually settles to constant point at starting and 
synchronization period with EPS. ECS inertial circuits 
had been actuated for disturbance suppression. Rotor is 
influenced by inertia forces and cause additional 
electrical and mechanical influence to VSG 
performance. However fluctuation of parameter cannot 
be avoided because of water specific parameters which 
cause additional fluctuation of parameters (fig. 4 - 7). 
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Fig. 5. Electromagnetic torque of VSG 
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Fig. 6. Active power generation of VSG 
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Fig. 7. Reactive power generation of VSG 
 
Rotor angular frequency is close to EPS frequency. 
VSG operates in nearly synchronous regime.  
 

5. Analysis of mathematical simulation results 
 
Large scale VSG control is determined by inertia forces, 
friction and hydro technical parameters. VSG is reactive 
power consumer therefore reactive power reserve 
should be guaranteed during starting period of VSG.  
ECS is able to control VSG performance yet inertial 
forces should be evaluated because ECS has control 

limits. VSG internal forces create every parameter 
fluctuation which determines electrical energy quality. 
Delay processes are held.  
VSG control is not conventional. There is requirement 
to generate enough reactive power with internal 
resources without affecting EPS operating conditions.  
Starting process has to be fully controlled after 0.5 
second starting period otherwise VSG might affect 
EPS operation. Control of processes has been performed 
linearly restricting rapid change of mechanical torque. 
However forming of inertia forces in rotor have not 
been restricted and has significant influence. During 
starting time period ECS enables sufficient reactive 
power generation which allows starting and smooth 
operation of VSG in EPS. 
Need of evaluation of all positive and negative factors 
determines Kruonis PSP fifth unit situation. Power 
change is possible when the inertial forces settle to 
constant point. 

 
6. Conclusions 

 
1. Research has shown that generated power of large 

scale variable speed generator can be changed from 
minimal power to maximum power and vice versa 
within 1 second period. 

2. Generated power change of variable speed generator 
is ensured by change of rotor electromagnetic 
angular frequency within ±6% range.  

3. Reactive power necessary for managing processes is 
ensured by excitation control system. 
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Abstract: Modelling of load controllers, load-frequency 
controllers, speed controllers and temperature 
controllers which are important for controlling of gas 
turbines is necessary for understanding the effects of gas 
turbines on power network. Investigation of which 
mathematical models of gas turbines can be used for 
analysis about power network and advantages of these 
models to each other are included in this work. Time-
varying (much variable), complex and dynamic 
performance of the gas turbines is simulated using 
Simulink toolbox in MATLAB software of Mathworks 
Inc. Using the simulation programme, changing of 
output power of gas turbine in response to changing of 
input parameters is investigated.  
 
Keywords: gas turbine, governor, mathematical model, 
control of gas turbine, simulation 
 

1. Introduction 
 
Since a few decads, plants with gas turbine especially 
combined-cycle types are more increasingly built in all 
of world. The main cause for building of these plants is 
that their installation period is short and using of them is 
simply beside their combined-cycle efficiency can be 
increased to 61 %. In power networks, the gas turbines 
which can be connected or removed rapidly is been 
popular since peak load demand is increased rather than 
main load demand. 
Participation the plants with gas turbines as large units 
in electrical power generation is made very important 
that the dynamic modelling, which is necessary to 
recognize the networks sufficiently and to predict 
(estimate)  effects of these plants on the system, is made 
both completely and perfectly.  So, a perfect modelling, 
which includes gas turbines, and load controllers, load-
frequency controllers, speed controllers and temperature 
controllers important for controlling of turbine units, is 
necessary. Moreover, the model obtained must give how 
much output power of gas turbines is related with 
network frequency and determine other parameters 
effecting on the output power and their effects. 

The research which had been made by Rowen from 
General Electric is the first one about modelling of gas 
turbines, combined-cycle power plants and 
characteristics of their main control systems [1]. The 
starting point of this work is Rowen’s research on 
modelling of gas turbines and operation characteristics 
of combined-cycle power plants [1-2].  
The network fault had been become in Malezya at 1996 
resulted generation losses as 5.760 MW and then 
network frequency reduced as 1.5 Hz. Gas turbine units 
were out of circuit respectively and a network collapse 
effecting large area was resulted. In this paper, the 
mathematical background of simulation programme is 
obtained combining the research, which is on relation 
with gas turbine output power and network frequency 
and made by K.Kunitomi, A.Kurita, H.Okamoto, 
Y.Tada, and  modelling made by Rowen [3]. 
 

2. Mathematical models of gas turbines 
 

2.1. Rowen’s model 
 

Since gas turbines has been begun to use, several 
modelling for them have been considered at different 
research. Rowen was suggested a simplified 
mathematical model for gas turbines used for electric 
power generation. This model can be used under 
following assumptions: This work was based on block 
diagrams and moreover some complementary equations 
were used. In general, per unit values for all variables 
except temperature are used. In order to represent 
design parameters, gains, coefficients and time 
constants of the system are included in this work. The 
coefficients are verified with tests, real system 
experiments and experiences form some different 
configurations. In this modelling, it is assumed that 
turbine rotor speed is changed in 0.95-1.07 p.u. 
Moreover, temperature and pressure of atmosphere are 
assumed 15 ºC and 1013 mbar, respectively, as suitable 
for conditions of ISO. This modelling is based on the 
functional block diagram of gas turbine and control 
blocks.  
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Fig. 1. Rowen’s model for gas turbine [1]

Single shaft gas turbine together with blocks of control 
and fuel system is represented in Fig. 1. The blocks in 
this model are clarified with following equations: 

Note 1 : Digital Set Point  
It is used to determine the target generation level of 
generator. Two different alternatives are considered as 
normally and emergency loading.  

Note 2: Governor  

T(s)=
W X

Y Z
                                                    (2.1)                                                                                          

W,X,Y,Z: Coefficients of transfer function of governor 
KD: Gain of governor 
s: Laplace operator 
For proportional governor:  
W=KD, X=0, Y=0.05, Z=1 
For integral governor: 
W=30, X=2.5, Y=0.1, Z=1 

Note 3: Fuel Limitation  
VCE´: Signal of fuel demand (in per unit) 
VCE´max = 1.5, VCE´min = 0.1, VCE´nom = 1 

Note 4: Fuel System  
a, b, c:  Coefficients of transfer function of fuel system 
KF:  Feedback coefficient of fuel system (it is different 

from zero for using liquid fuel) 
 F:  Time constant of fuel system 
(a=1, b=0.05, c=1, F=0.4, KF=0) 

Note 5: Exhaust of turbine  
f1 = Tx = TR – 390*(1-Wf) + 306*(1-n)                   (2.2)                                                                
Wf :  Amount of fuel  
n:  Turbine rotor speed (in per unit) 
TR  :  Rated exhaust temperature of turbine 
TX  : Exhaust temperature of turbine 
f 1 : Exhaust temperature of turbine 

Note 6: Moment of Turbine  
f 2 = 1.3*(Wf - 0.23) + 0.5*(1-n)                              (2.3) 
f 2: Moment of turbine 

Note 7: Dynamic Characteristics of Turbine  
εCR: Time delay of combustion reaction  
CD: Discharging time constant of compressor 
εTD: Time delay of turbine and exhaust system 
(εCR=0.01, CD=0.1, εTD=0.02) 

Note 8: Temperature Control 
T:  Integration ratio of temperature controller  
I:  Time constant of turbine rotor 
(T=250 ºC , I=18.5) 

Control system consists of speed control, temperature 
control, accelerating control and fuel limiter.  
Governor uses speed error which is obtained by 
extracting real turbine rotor speed from digital set point 
value adding to reference speed. It can be represented as 
a proportional or integral controller. Output of the 
proportional governor is directly proportional to speed 
error. In integral speed controller, there is also a reset 
controller together with proportional controller and the 
controller works until speed error will be zero.  
Temperature control includes the limiting function for 
output temperature of turbine, independently from 
ambient temperature and fuel characteristic In fact, we 
have an idea about temperature in turbine by measuring 
turbine output temperature.  
Accelerating controller limits acceleration of rotor such 
that it will meet and improve the thermal press which is 
constituted while gas turbines are started. Secondary 
function of this controller is to prevent that generators 
gain speed over by reducing fuel flow when generator is 
separated from the network because of any reason. This 
function is useful especially when any circuit breaker 
except circuit breaker of the generator is opened.  
Outputs of the controller mentioned above are given to 
minimum value selector as inputs. Output of the 
minimum value selector VCE´ is the minimum of tree 
inputs. This value is become the signal of minimum fuel 
demand. Output signal of the minimum value selector is 
evaluated in limiter for minimum and maximum value. 
Maximum value of the limiter provides an additional 
protection for the temperature controller. Minimum 
value of the limiter is more important as dynamically, 
because the minimum threshold value corresponds to 
the case that flame in the boiler goes off. This value 
corresponds to 10% of total momentum. 
Gas turbines have some different characteristics from 
steam turbine as dynamically. The most evident one of 
them is that the turbines are needed considerable 
amount of fuel to keep nominal speed. This amount is 
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about 23%. Since parameters of governor can be used, 
governor operates in 0-100% of real power at steam and 
hydro turbines. Then, this operating interval is improved 
to 23-100% such that it is adopted with thermodynamics 
of the turbine.  
As mentioned above, fuel control system consists of two 
valves in series. First of them is stopping valve and the 
other is regulation valve. Opening signal of the 
regulation valve has a linear characteristic.  
There are two important time constants in gas turbine 
systems. One of them is concerned with the position of 
gas control valve, and the other is time constant of 
volume and concerned with gas distribution pipes in 
fuel line.   
Gas turbine is non-dynamic except regular time constant 
and essentially linear equipment. There are little 
transmission delay relation with combustion reaction 
period, response time for discharging of compressor and 
transmission delay relation with transmission of gas 
from combustor to turbine. 
At single shaft gas turbines, in the case that turbine rotor 
speed is in 95-107%, produced momentum and 
temperature of exhaust change linearly depending on 
flow rate of fuel. Moment equation is valid in the case 
of partial loading. Clearly, moment equation gives 
better results for 100% loading. Exhaust equation gives 
less correct results for partial loading. However, 
temperature controller is effective for and near of 
nominal loading. Moreover, deviation from correct 
value in partial loading is easily ignored in general 
simulation approach.  
 
2.2. Frequency effect model 
 
System frequency reduced rapidly in the case that a 
generation unit with large power is off. If the network 
has a reserve insufficiently and small power, frequency 
reduced seriously, especially for loading in the daytime. 
To analysis abnormal frequency deviations, it is known 
that how much reserve can be used as residue. 
Maximum output power of gas turbines is related with  
turbine rotor speed and therefore system frequency and 
environmental conditions. Gas turbines produce about 
two in three of the power generated by combined cycle 
system. Temperature control of gas turbines reduces 
flow rate of fuel as proportional with flow rate of air 
reduced since turbine rotor speed is reduced, and limits 
exhaust temperature. Frequency effect model is suitable 
for simulating of dynamic performances of power 
systems for abnormal deviations of frequency [2]. 
Rowen’s model concerned with gas turbines and their 
control can be used to analyse of dynamic performances 
of power network, but the model is unsuitable for 
investigating of relation with frequency and output 
power of gas turbine. The investigation made in here is 
to obtain a model for gas turbine based on physical 
principles and to determine the effects of turbine rotor 
speed and environmental conditions on output power of 
the turbine.  
This study is based on the research made by K. 
Kunitomi, A. Kurita, H. Okamoto and Y. Tada [3]. The 
model, which is obtained, must be valid for 95-105% of 

nominal frequency and unite power must be more than 
50% of nominal load of the turbine. 
2.2.1 Model structure of gas turbine 
A gas turbine unit consists of an axial compressor, 
combustor system and turbine, as shown in Fig. 2. Input 
variables of the unit are flow rates of fuel and air. 
Output variables of the unit are mechanical output 
power, flow rate and temperature of exhaust gases sent 
to waste heat tank. Flow rate of fuel is very small 
according to flow rate of air. Therefore, flow rate of 
exhaust gases is equal to flow rate of input air. Desired 
output power is obtained by tuning flow rates of fuel 
and air such that effectively heat transfer will be 
provided to waste heat tank. Flow rate of air can be 
tuned by means of the valve (IGV) where is entrance of 
compressor. Flow rate of air is function of ambient 
temperature, atmosphere pressure and turbine rotor 
speed.  

 
Fig. 2. Gas turbine and its parameters [2] 
 
The following equations concerned with 
thermodynamic characteristics of gas turbine obviously 
show how turbine rotor speed affects on output power 
of the turbine: 

Wa = q T , P u ∆wC              (2.4)                          

q T , P
P

P

T

T
                                            (2.5)                        

u ∆wC 1 A ∆wC A ∆wC A ∆wC         (2.6)                 

wC w
T

T
                                                            (2.7)          

∆ 1                                                         (2.8)   

T T                                           (2.9) 

CPR A W A W
P

P
A             (2.10) 

where, 
Wa:  Flow rate of air 
Wf:  Flow rate of fuel 
Tx: Temperature of turbine exhaust 
Ta:  Ambient temperature (Ta0= 273 °C) 
Pa:  Atmosphere pressure (Pa0=1 Atm) 
W: Turbine rotor speed  
wc: Turbine rotor speed improved with temperature          
u : Speed factor for flow rate of air  
A0, A1, A2, A3, A4, A5, A6: : Constant coefficients  

: Maximum opening which IGV can be reached  
: Beginning position depended on geometrical 

structure of IGV 
CPR: Pressuring ratio of compressor 
Equation for flow rate of air includes atmosphere 
pressure and ambient temperature, which are 

Axial 
Compressor 

Turbine 

Pressure Sensor 

Combustor 
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environmental factors, in q(Ta,Pa) (Tao=15 °C and Pao=1 
Atm). Flow rate of air is depended on turbine rotor 
speed because of speed improved with temperature. The 
flow rate of air is reflected the effect of speed improved 
with temperature together with speed factor and 
parameters A0, A1 and A2. Coefficients A0, A1 and A2 
can be obtained from flow rates of air for given IGV 
angles and for different temperatures. Flow rate of air 
can be tuned by changing angular position of the valve 
where is entrance of compressor. The effect of changing 
of the angle can be shown as a sinusoidal opening 
function.  shows maximum opening angle which 
can be reached by IGV and  shows a beginning 
position depended on geometrical structure of IGV. 
Temperature controller tunes flow rates of air and fuel 
depending on temperature of exhaust gases and CPR. 
CPR is defined as ratio of compressor discharge 
pressure to input air pressure. Discharge pressure is 
been risen by increasing flow rate of air and energy in 
gas which is proportional with flow rate of air. 
2.2.2 Determine of model parameters 
The model mentioned above can be used to model of 
most of gas turbines. The modelling approach includes a 
few parameters which should be determined. Loading 
test can be carried to determine these parameters. 
Loading test is realised in nominal turbine rotor speed 
and for enlarged environmental conditions. During the 
test gas turbine is loaded slowly. Loading speed can be 
about 5% per minute in the loading test. Command for 
fuel demand, electrical output power, command of 
servomotor IGV, temperature of exhaust and CPR is 
currently enrolled as long as the loading. Flow rates of 
air and exhaust gases cannot be measured typically. It 
can be assumed that gas turbine operates in stable state 
because of slow loading speed. Dynamics of control and 
process don’t have considerable effects on the loading 
speed and gas turbine reacts as in stable state. As a 
result, flow rate of fuel, mechanical power, angle for 
IGV and temperature of exhaust can be determined 
easily from command for fuel demand, electrical power, 
commands of servomotor IGV and exhaust temperature 
measured, respectively. Because loading test don’t give 
some information about flow rate of air, flow rate of air 
is extracted from the equations for CPR and temperature 
of exhaust gases, and then model parameters can be 
obtained. To determine speed factor for flow rate of air, 
gas turbine must be operated either under or upper of 
nominal frequency. But it is impossible for practice. So, 
a practical solution is that gas turbine is operated for 
different temperatures. 
This model for gas turbine includes basic time delaying 
blocks to represent dynamical characteristics of fuel 
system, turbine and temperature sensors. The time 
constants representing these dynamical characteristics 
are determined as small deviations from enrolled 
responses. For example, time constants of turbine and 
fuel system are determined by changing reference value 
for load of speed controller. Command for fuel demand 
signal, main fuel valve and output power are monitored 
while reference value for load is changed. It is noticed 
that units is not off and equipments are not damaged. 
In many system analysis, performance of the model is 
not enough sensitive to time constants of turbine and 

fuel system, which are considerably small. So, control 
characteristic of turbine is dominant factor on 
dynamical response. Time constants of turbine and fuel 
system are 0.2 s and 0.4 s, respectively.  
 

3. Simulation of gas turbine and control blocks 
 
Simulation is carried on combining control blocks in 
Rowen’s model for gas turbine and equations concerned 
with thermodynamics of gas turbine in the model for 
effect of frequency. MATLAB Simulink toolbox of 
Mathworks Inc is used for the simulation [4]. The 
simulation model consists of blocks for minimum value 
selector, fuel limiter, fuel system, counter for turbine 
output power, counter for exhaust temperature, counter 
for combustion air and temperature control. Using the 
simulation, output power of gas turbine is investigated 
by running the simulation programme for different 
atmosphere conditions and network frequencies.  
Effects of input variables of gas turbine on output power 
are investigated by changing these variables in 
simulation programme and graphics for output power 
are obtained.  
Assuming that atmosphere pressure is 1013 mbar, 
ambient temperature is 15 ºC and network frequency is 
50 Hz, an unity impulse function, which its amplitude is 
1.25 p.u., is applied to the simulation programme and 
outputs are enrolled. Variation of output power for this 
case is given in Fig. 3. As seen the figure, because unity 
impulse function is bigger than nominal value, 
temperature controller works and permits output power 
of 1 p.u. by limiting temperature of exhaust gases. 

Fig. 3.  Temperature of exhaust gases and output power of 
turbine (for unity impulse function of 1.25 p.u.) 
 
In order to investigate effects of atmosphere pressure on 
output power of gas turbine, assuming  that atmosphere 
pressure is 1010 mbar, ambient temperature is 15 ºC and 
network frequency is 50 Hz, an unity impulse function, 
which its amplitude is 1 p.u., is applied to the simulation 
programme and outputs are recorded. For this case, 
variation of output signals representing how the 
variation of 3 mbar in atmosphere pressure affects on 
output power of gas turbine are given in Fig. 4.   
In order to investigate effects of atmosphere 
temperature on output power of gas turbine, assuming 
that atmosphere pressure is 1013 mbar, ambient 
temperature is 30 ºC and network frequency is 50 Hz, a 
unity impulse function, which its amplitude is 1 p.u., is 

OUTPUT POWER OF GAS TURBINE 

TEMPERATURE OF EXHAUST GASES 
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applied to the simulation programme and outputs are 
enrolled. For this case, variation of output signals 
representing how the variation of 15 ºC in atmosphere 
temperature affects on output power of gas turbine are 
given in Fig. 5. 

Fig. 4.  Temperature of exhaust gases and output power of 
turbine (for atmosphere pressure of 1010 mbar) 
 
In order to investigate effects of deviation of network 
frequency on output power of gas turbine, assuming that 
atmosphere pressure is 1013 mbar, ambient temperature 
is 15 ºC and frequency is 49 Hz, a unity impulse 
function, which its amplitude is 1 p.u., is applied to the 
simulation programme and outputs are enrolled. For this 
case, variation of output signals representing how the 
reduction of 1 Hz in network frequency affects on 
output power of gas turbine are given in Fig. 6. 

Fig. 5.  Temperature of exhaust gases and output power of 
turbine (for atmosphere temperature of 30 ºC) 

Fig. 6.  Temperature of exhaust gases and output power of 
turbine (for network frequency of 49 Hz) 

4. Simulation results 
 
As mentioned above, output power of gas turbine is 
depended on both atmosphere pressure and temperature, 
and network frequency. Depending of output power on 
these parameters is verified by some graphics obtained 
from the simulation programme. 
 
4.1. Changing of output power depending on 
network frequency 
 
Output power of gas turbine is set to 1 p.u. and then by 
reducing network frequency with steps of 0.5 Hz, values 
of the output power is recorded in Fig. 7 while 
atmosphere pressure and temperature are 1013 mbar and 
15 °C, respectively, and opening  of IGV is ӨMAX.  
 

 
Fig. 7.  Dependency of output power of gas turbine on 
network frequency 
 
From Fig. 7, it is seen that output power of gas turbine 
changes about 2% corresponding to variation of 1% in 
network frequency. In recent instructions about 
network, maximum reduction in output power is limited 
as 1% corresponding to variation of 1% in network 
frequency for new gas turbines will be introduced to the 
system, in order to minimise the problems arising from 
bigger deviations in output power. Moreover, it is also 
foreseen that output power of gas turbine must be 
unchanged for first frequency deviation of 0.5 Hz. This 
case causes output powers of gas turbines reduce 
respectively and network collapse by triggering the 
turbines to each other, especially in the case that the 
units participating to primary frequency control cannot 
turn network frequency to its nominal value when 
generating units having big rating are off. The problem 
have been realized as network collapse resulted from 
reduction of output powers of gas turbines when the 
network frequency is decreased 1.5 Hz after generation 
of 5600 MW losses, in Malaysia at 1996 [5]. 
 
4.2. Changing of output power depending on 
atmosphere temperature and pressure  
 
Changing of output power of gas turbine depending on 
atmosphere temperature and pressure are given in Figs. 
8 and 9. Output power of gas turbine is set to 1 p.u. and 
then by changing atmosphere temperature from 15 °C to 
40 °C with steps of 5 °C while atmosphere pressure is 
1013 mbar, network frequency is 50 Hz and opening of 
IGV is ӨMAX, values of the output power is recorded in 
Fig. 8. From Fig. 8, it is seen that output power of gas 
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turbine decreases 0.7% corresponding to increase of 
1 ºC in atmosphere temperature. This case causes that 
output power of gas turbines cannot be used completely, 
especially at summer months in our country. Especially, 
serious problems have been become in the case of 
absence of enough reserve in hours of which peak load 
increases at summer months. In order to solve the 
problem, cooling system for input air of gas turbine is 
investigated and necessary projects must be used by 
carrying on analysis of economy. 
 

 
Fig. 8. Dependency of output power of gas turbine on 
atmosphere temperature 
 
Output power of gas turbine is set to 1 p.u. and then by 
reducing atmosphere pressure from 1013 mbar to 1000 
mbar with steps of 2 mbar, values of the output power is 
recorded in Fig. 9 while atmosphere temperature is 15 
°C, network frequency is 50 Hz and opening  of IGV is 
ӨMAX. From Fig. 9, it is seen that output power of gas 
turbine decreases 0.03% corresponding to decrease of 1 
mbar in atmosphere temperature.  
 

 
Fig. 9. Dependency of output power of gas turbine on 
atmosphere pressure 

The decreasing effects of atmosphere temperature and 
pressure on output power of gas turbines are given for 
simple cycle above. In the case of combined cycle plant, 
the reduction of output power negatively affects to 
steam generation. So, total decreasing effect is bigger 
than the value given above. 
 

5. Conclusion 
 
In this study, main characteristics of gas turbines used 
for electric power generation at last years are 
investigated and a mathematical model is developed by 

analysing main functions of gas turbines and their 
control systems. Depending on the mathematical model, 
a simulation programme is developed using Simulink 
Toolbox of MATLAB software. The simulation is made 
depending on two different model [1,2]. The much 
variable, complex and dynamic structure of gas turbines 
is analyzed in the simulation by using the model 
obtained.                                                         
Using the simulation programme, the parameters 
affected on output power of gas turbines are 
investigated by changing input parameters. Also, 
maximum output power of gas turbines related with 
atmosphere temperature and pressure can be determined 
and hourly power generation schedules can be prepared. 
Moreover, it can be determined how reduction of the 
frequency of interconnected network affects plants of 
gas turbines, in this study.        
In the frame of targets for integration of our country to 
the Union for the Coordination of Transmission of 
Electricity (UCTE), it is foreseen that the plants must be 
participated to primary frequency control according to 
the instructions have been in force at 01.07.2009. 
Therefore, the gas turbines participating to primary 
frequency control must be kept enough reserve power to 
satisfy the stipulation. While hourly generation schedule 
is prepared, it is noticed neither it is deposited over 
reserve nor it is prevented that gas turbines make 
temperature control depositing insufficient reserve. So, 
amount of reserve power for the gas turbines 
participating to primary frequency control can be truly 
calculated using the knowledge about decreasing effects 
on output power of temperature and pressure, by means 
of this study.  
Considering that atmosphere temperature is high at 
summer months, cooling systems for input air of 
compressor, providing to use installed power of gas 
turbines completely, must be developed and applied. 
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Abstract: There are investigated transient stability 
conditions of the 5.4 MW generator which is connected 
to the transmission network through distribution 
network. The recommendations for generator protection 
coordination according to stability requirements are 
made. Special automation is proposed for the generator. 
 
Keywords: relay protection coordination, generator 
stability, distributed generation, generator. 
 

1. Introduction 
 
Dynamic and transient stability of electric power system 
is one of the most important reliable and secure working 
conditions. Transient stability is a system ability to 
return to the initial regime or regime close to the initial 
after large disturbances. There are lots of 
turbogenerators and hidrogenerators working parallel in 
electric power system starting from hundreds kW till 
thousands MW. That’s why it is important to investigate 
not only large power generators, but small power 
generators too [1]. 
 

O
verhead

 line

 
 

Fig. 1. Distributed generator connected to the transmission 
network 
 
The analysed 5.4 MW generator is connected to 
distributed network, which is connected to transmission 
network through transformer and overhead line as 
depicted in fig. 1. The aim of this investigation is 
determined: 

1. A margin of time duration of synchronous 
operation of generator; 

2. Electric distance (Reactive rezistance) of 
synchronous operation of generator when 
duration of the fault is 1 s. 

Calculation is made with PSS/E programme [2, 3, 4].  
 

2. The model of distributed generator 
 

The turbine-generator unit is described by generator, 
turbine regulator and exciter models [5, 6]. 
The generator is synchronous and has one pair of poles. 
The investigation was based on standart PSS/E transient 
model named GENROU. The generator is described by 
2 countours on both axis d and q (fig. 2). 
The generator parameters are described in table 1.  
 
Table 1. Generator parameters 
 

T’do T"do T’qo T"qo 
4.409 0.043 0.1 0.043 

H D Xd Xq 
3 0 2.413 2.292 

X’d X’q X"d Xl 
0.166 0.556 0.136 0.096 
S(1.0) S(1.2) 
0.14 0.7 

 
The turbine was modeled using enough accurate steam 
turbine model TGOV5 (fig. 3). This model can restore 
the parameters of a boiler. Due to that, there is a 
possibility to investigate a longterm transitional 
operation. 
Generator excitation parameters are listed in table 2. 
 
Table 2. Generator exciter parameters 
 

TR KP KI KD 

0.005 0.905 0.725 0.35 

TD KA TA VRMAX 
0.04 1 0 5 

VRMIN TE KE E1 
-5 0.47 1 0 

SE(E1) E2 SE(E2) - 
0 1 0.256 - 
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Fig. 2. Generator model 
 

 
 

Fig. 3. Turbine model 
 

 
 

Fig. 4. Exciter model 
 
The excitation system of generator is the digital system 
which working includes PID regulator algorithm. So, 
excitation system is designed by transient model of 
digital excitation system ESAC8B (fig. 4) which allows 
renewing the principle of regulation. 
 

3. The critical time evaluation 
 
The aim of the first part of this investigation is to find 
the longest time duration for synchronous operation of 
generator trough three phase fault (K3). The three phase 
fault in substation Putinai on 110 kV busbar were 
modeled for evaluation of critical time duration for 
generator synchronous operation. The simulation time 
interval was taken from 0 s till 0.3 s with the time step 
of 0.05 s. The results have showed that generator is 
stable with in 0.25 s and unstable for the fault duration – 
0.3 s. Onother simulation was made for the interval 
(0.25, 0.3) and the time step t = 0.01 s. There was found 
critical time duration of 0.26 s for stable and sychronous 
operation of generator. Generator operates in unstable 
zone and does several asynchronous revolutions on 
0.27 s. The oscillation of rotor angle are shown in fig. 5 
A generator busbar nominal voltage is 10.5 kV. The 
generator busbar voltage and the voltage on 110 kV side 
during oscillations are shown in fig. 6 
 

 
 

Fig. 5. The generator rotor angle dependence on fault 
clearness time: 1 - s20.t  ; 2 - s260.t  ; 3 - s30.t   
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Fig. 6. The voltage drop at the Putinai substation: 1 - 10 kV 
side; 2 - 110 kV side 
 

4. The maximum electrical distance evaluation 
 
The second part of this investigation is intended to find 
an electrical distance between generator and fault 
location. The duration of the three phase fault is 1 s.  
 

 
 

Fig. 7. The generator rotor angle dependence on distance to 
the fault: 1 - fault plase Alytus substation; 2 - fault plase 
Baksiai substation; 3 - fault plase Silas substation 
 

 
 

Fig. 8. The generator rotor angle dependence on distance to 
the fault: 1 - fault plase Baksiai substation; 2 - fault plase 
Alytus substation. Fault clearness time 0.4 s 
 
It was assumed that 5.4 MW generator is working to a 
large electric power system, not less than 250 MVA. 
The fault was modeled in 330 kV Alytus substation at 
110 kV switchyard and radial 110 kV lines Alytus – 
Baksiai – Silas-Griskonys. The result showed that 

during 1 s three phase fault in 110 kV Alytus substation 
and 110 kV overhead line Alytus – Baksiai generator 
operation is unstable and he does several revolutions. In 
other 110 kV overhead line Baksiai – Silas the angle of 
generator rotor swings narrowly and back into normal 
operation after few seconds. The oscillations of rotor 
angle are shown in fig. 7. 
The calculated electrical distance from generator to the 
fault is about 9180. at 10 kV side for the fault 

clearness time 1 s. 
Generator operation is stable for the three phase fault in 
110 kV Baksiai substation and fault elimination time 
equal 0.4 s. The generator lose its synchronism during 
three phase fault in 110 kV Alytus substation. The rotor 
angle oscillations are shown in fig. 8. 

 
5. Protection coordination in the grid 

 
The distribution network specific is the high fault 
cleareness time. The I>> and I> current protection 
settings are about 1 s. As it was shown in previous 
sections the generator are able to keep dynamic stability 
if the faul resistance is large than 9180.  at the voltage 

10.5 kV. The calculated critical time to clear the fault is 
about 0.26 s. It is worth to mention, that turbine valve 
could be closed by external command which could be 
synchronised by the fault registrator. The turbine 
regulator walve time delay is about 80 ms and the walve 
full close time is about 400 ms. Of course the walve 
motion is not linear. 
At the time longer than critical fault clearness time, the 
generator loss the synchronose mode, and probably 
would be disconected from network due to frequency or 
asynchronous mode detection protection. The generator 
disconection from the system could lead to the loss of 
boiler, and finally loss of the generating unit. Such loss 
of the unit is not acceptable and some automation 
should be implemented. 
 

 
 

Fig. 9. Generator rotor angle for postfault load 1 MW and 
prefault generator power: 1 - 1 MW; 2 - 2 MW; 3 - 5 MW 
 
The proposition is to disconect generator as soon as 
possible from the faulted network keeping the generator 
at the power of about 1 MW auxiliaries. The generator 
could be synchronised successfully back to the grid after 
the fault clearness. 
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Fig. 10. Generator frequency deviation for postfault load 
1 MW and prefault generator power: 1 - 1 MW; 2 - 2 MW; 3 - 
5 MW 
 

 
 

Fig. 11. Generator rotor angle for postfault load 1 MW and 
prefault generator power 5 MW. The fault removed per 0.1 s. 
Turbine mechanical power removed per 0.4 s from start of 
fault. Fault plase: 1 - substation Alytus; 2 - substation Baksiai; 
3 - substation Silas 
 
So, the calculations were made for the regime: generator 
operates normally at prefault with 1 MW auxilliaries; 
fault at 110 kV Putinai substation with a time duration 
0.1 s; postfault with decreased load equal to 1 MW 
auxiliaries, generator without the system. The generator 
remains stable, than the prefault power equal to 1 MW. 
However, when the generator output power increase 
above 1 MW limit, the generator loss its synchronizm at 
postfault. The oscillations of rotor angle are shown in 
fig. 9. The oscillations of frequency are shown in 
fig. 10. 
The calculations above are made with assumption, that 
turbine power is constant for all faults and postfault 
period. 
The calculations have shown that even though the 
turbine power decreases and equalise zeros per 400 ms 
during the fault, the generator loss its sinchronizm also. 
So the specialised limitation of turbine steam during the 
near fault does not improve generator dynamic stability 
for prefault generator power of more than 1 MW. The 
specialised turbine steam limitation could lead to 
generator dynamic stability for the generator to fault 
reactance of 9180. , for the regime of nominal 

generator prefault power and 1 MW post fault auxiliary 
power as it is depicted in fig. 11. 
Finally, only immediate generator disconection from 
network and decrease of turbine power could lead to 
retention of the unit of boiler, turbine and generator. 
The generator could be synchronised successfully back 
to the grid after the fault clearness. 
 

6. Conclusions 
 

1. The generator could not satysfy dynamic stability 
conditions in the grid due to high fault clearness 
time in the grid and small unit inertia time constant. 

2. The generator owner requirement to keep the unit 
as much as possible longer connected to the grid 
could be satisfyed only with special generator 
working conditions during the fault. 

3. The disconection of generator from the grid and 
keeping on auxiliaries load about 1 MW during 
system dynamics do not guaranty retain of all unit. 

4. The swhiching off of steam supply to turbine per 
400 ms from the start of fault guaranty retainity of 
the unit only for fault reactance of 9180. . 
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Abstract: Power frequency stability is one of the most 
important operational reliability features of a small 
power system. Load and generating power balances in 
all operating conditions assure the stability of power 
frequency. Control power reserves are designed for it. 
All primary power control reserve must be in a small 
power system at the isolated operation of the small 
power system whereas it is allocated in all constitutive 
power systems of large synchronous zone. Primary 
control power reserve becomes the main factor that 
limits operating power of generating units of the small 
power system. Isolated operation of the Baltic joint 
power system is investigated; hourly power balances of 
the characteristic seasonal weeks of the year 2016 and 
2020 are provided. Parameters of control reserves and 
available power of generating units are determined. 
 
Keywords: Small power system, isolated operation, 
frequency control, primary control reserve, power 
balancing, generating power adequacy. 

 
1. Introduction 

 
The investigation of possibilities to cover all probable 
power changes of power system (PS) is one of the 
essential issues in operational planning of hourly power 
balances [1-4]. It is extremely important to the small PS 
with high power generating units. Cyclic seasonal, 
weekly and daily load power changes aggravate power 
balancing. Power balancing and control is aggravated 
by highly predicted power of renewable power sources 
– wind and solar generating sources. Balancing 
possibilities of PS power are mainly determined by 
dynamic abilities of generating units. Hydro power 
plants (HPP) are the most favorable power plants for 
power balancing, especially pumped storage power 
plants (PSPP). Nevertheless long time deviations from 
the average generating power is unallowable because it 
can deregulate water flow schedule and reduce energy 
reserves, power of generating units and its’ efficiency.  
Possibilities of hourly power balancing of isolated small 
power systems, like Baltic joint power system are 
analyzed in the paper.  

 

2. Particularities of small isolated power system 
 
A small PS isolated from large power system usually 
has relatively large generating units. A big power 
frequency deviation occurs when a large power unit is 
tripped. A small PS barely fulfills power quality 
requirements for a large power system. Usually the 
primary control reserve usually is very small and may 
be insufficient to cover all the design accident power. 
Because the design accident power is determined 
according to the possible lost of the largest generating 
power, to avoid load shedding devices’ operation, 
generating units must operate at reduced power.  
Baltic joint power system (JPS), which comprises 
Lithuanian, Latvian, Estonian and Kaliningrad region 
power systems may be considered as small power 
system with large generating units. 
 

3. Principles of power system power balancing  
 
N-1 principle is applied for PS generating adequacy 
evaluation. It examines PS ability of reliable power 
supply for the consumers at the loss of the biggest 
generating power and sufficiency of reserve power for 
frequency control. It means that at PS power balancing 
examination post fault generating capacities and control 
reserve power must be examined. 
Evaluation of isolated PS generation adequacy and 
frequency control possibilities is based on PS power 
balances calculation and frequency control possibilities 
analysis. 
Generating power of the isolated power system (PS) 
must cover load power PL and power losses ΔP in the 
network: 

 



n

i
iTiauxGiL PPPPP

1
,, ; (1) 

where n, PGi, Paux,i, ΔPT,i – number of generating units, 
it‘s generating and auxiliaries power and power losses 
in the main transformers. 
Generation powers PGi of individual units are restricted 
by its nominal and minimal permissible power (PGNi and 
PGmin,i), regulation power reserve PCRi of the unit and 
available primary control reserve of the system PPCR: 

355



 

 

CRiGNiGi PPP  ,   (2) 

iTCRiSCRiPCRCRi PPPP ,,,  ,  (3) 

iCRiGGi PPP ,min,  ,   (4) 

PCRGi PP  ,    (5) 





k

i
iPCRPCR PP

1
, ;   (6) 

 
where k – the number of the units, participating in 
primary frequency control. 
Operating conditions of the typical year seasons – 
winter, spring and summer seasons operating conditions 
at the third weeks of January, April and July are 
analyzed in this paper. Power balances are formed and 
analyzed for each week hour. 
Power balancing of the system is analyzed considering 
frequency control requirements [2. 3], seasonal, weekly 
and hourly load changes and irregularity of generating 
power of renewable energy sources. Secondary and 
tertiary control power reserve must cover possibly lost 
power, possible deviation of load power and generating 
power of renewable power sources [5]. As the biggest 
power units in the small PS are operating partially 
loaded, at load power equal or less the existing primary 
control reserve power, secondary and tertiary control 
reserve power (PSCR and PTCR) of the isolated small PS 
may be expressed as follows: 

 

RESLPCRSCR PPP  ,   (7) 

TRESLPCRTCR PPP , ;   (8) 

 
where ΔPL+RES, ΔPL+RES,T – load and renewable energy 
sources maximal hourly and 15 minutes power 
deviations. 
 

4. Characteristic weekly load graphs of the Baltic 
power systems 

 
The largest loads of the Baltic power systems according 
to the latest forecast, which assessed growth decline 
[6, 7], are presented in Table 1. 
 
Table 1. The maximum forecasted loads of Baltic power 
systems, MW 
 

Power system 2016  2020  

Lithuanian PS 2100 2340 

Latvian PS 1410 1590 

Estonian PS 1590 1780 

Kaliningrad region PS 830 900 

 
Load graphs of the Baltic power systems for the year 
2016 and 2020 were composed on the retrospective 
analysis of the load graphs of the systems at the third 
weeks of January, April and July of the year 2010. 
Ratios of margins against seasonal peak loads and 
minimum loads of the systems were considered. Load 
power graphs of the Baltic power systems for the 

characteristic winter week of the year 2016 are 
presented in Figure 1. 
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Fig. 1. Load power graphs of Baltic power systems for the 
winter week of the year 2016 
 
Load power graphs of Baltic JPS were formed on the 
basis of the graphs of separate Baltic power systems. 
Load power graphs of the whole Baltic JPS for the 
characteristic winter week of the year 2016 are 
presented in Figure 2. 
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Fig. 2. Load power graphs of Baltic JPS for the year 2016 
 

5. Power control restrictions of Kruonis PSPP and 
Dauguva cascade hydro plants  

Kruonis PSPP and Daugava river hydro power plants 
(HPP) are the most suitable power plants for power 
balancing. 
Kruonis PSPP generating power is restricted by the 
permissible water level of the upper reservoir, i.e. 
disposable quantity of the accumulated energy. 
Disposable energy reserve of  Kruonis PSPP is about 
8500 MWh. Usually water is pumped to the upper 
reservoir during the lowest loads at the weekdays 
during night time for about 5-7 hours and at the 
weekend days during night and morning time for about 
10 hours.  
Assuming, that PSPP during workdays is operating 
alike and all disposable energy reserve, A=8500 MWh 
can be used, it means that if at Monday morning the 
reservoir is charged, only obligatory margin at Friday 
evening remains. Disposable energy reserve can be 
expressed by one weekday average reserve energy 
discharge A1–, average accumulated energy A1+ and 
number of workdays nwd  

 
)1(11   wdwd nAnAA .  (9) 
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Average reserve energy discharge A1–, may be 
expressed as follows 

wd

wd

n

nAA
A

)1(1
1


 

 .  (10) 

During one weekday night 2 operating pumps can 
accumulate about 2000 MWh/d (A1+=2000 MWh/d). 
Average one weekday reserve energy discharge for the 
typical week with the number of workdays nwd=5 will 
be 3300 MWh/d (A1–=3300 MWh/d). Likewise at 3 
operating PSPP units accumulated and used one 
workday energy will be A1+=3000 MWh/d and A1–

=4100 MWh/d, at 4 operating PSPP units – A1+=4000 
MWh/d and A1–=4900 MWh/d. A typical graph of 
accumulated energy and average power for 2 operating 
units with the efficiency factor 0.75 is presented in 
Figure 3. Saturday and Sunday are the first in the 
graphs.  
Assuming that workday night pumping time is 7 hours 
and generating time – 15 h. Average pumping power is 
380 MWh and average generating power – 220 MW. 
All disposable energy reserve must be recovered at 
weekend time from Friday late evening till Monday 
morning. Average recovering rate do not depend on the 
number of operating units and is equal to 154 MWh/h. 
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Fig. 3. Typical weekly change of accumulated energy a) and 
average power b) of Kruonis PSPP, with 2 operating  power 
units  

 
Minimum power of Kaunas HPP is restricted by the 
minimum sanitarian water yield, which may not be 
reduced and at dry season time. It corresponds to 21.6 
MW generating power at the nominal water level of 
upper reservoir and 19.4 MW at the lowest minimum 
permissible level. 
Daugava river water yield is not restricted by sanitary 
inspection and Daugava hydro power plants may be 
fully stopped at night and weekend time. It noticeably 
lightens hourly week power balancing as only the 
weekly or daily water flow or adequate average weekly 

or daily generating energy or average power of each 
HPP needs to be considered. 
Daugava hydro power plants‘ driest summer generating 
power was evaluated by the analogy of Kaunas HPP 
2010 summer and the driest summer water flow 
analysis. 
 

6. Power balancing of isolated Baltic JPS 
 

Hourly balances of separate PS and all Baltic JPS were 
formed for characteristic weeks of 2016 and 2020 
season: 
– Winter season at normal conditions and at 

extremely cold weather; 
– Spring flood time; 
– Summer season at normal conditions and at 

extremely dry time. 
Frequency control power reserves are considered by 
power balancing. The main principles of isolated PS 
power balancing are the following: 
– Maximum generating power of the units connected 

to the same bus must not exceed the primary 
control power reserve of isolated PS;  

– Low power hydro and combined heat and power 
plants and steam units of combined cycle power 
plants (CCPP) take no part in primary control; 

– Primary control power reserve is 5 % of the unit‘s 
nominal power, except of HPP, for which primary 
control power reserve is 2.5 %, and gas units of 
open cycle and combined cycle power plants - 10 
%; 

– Secondary control power reserve for thermal 
condensing power unit is 5 % of the unit‘s nominal 
power, for the CCPP – 6.67 %, for the operating 
HPP – all the power till the permissible maximum 
or minimum power, for the stopped but ready to 
start HPP – nominal power; 

– Tertiary control power reserve is the remaining 
power of the thermal condensing PP till the 
permissible maximum or minimum power and 
nominal power of the started gas turbine power 
units; 

– Industrial PP, wind PP, low power hydro, bio fuel 
and combined heat and power plants take no part in 
frequency control. 

At the design of hourly power balances available and 
required values of primary, secondary and tertiary 
control power reserve were assessed. Limits of the 
primary control power reserves of Baltic JPS for the 
year 2016 and 2020 are presented in Table 2. 
 
Table 2. Limits of the primary control power reserves of 
Baltic JPS at the year 2016 and 2020, MW  
 

Operating conditions 
2016 2020 

Max Min Max Min 
Winter, normal 376 349 438 396 
Winter, low temp.  378 350 476 436 
Spring, flood 235 222 289 264 
Summer, normal 268 242 293 267 
Summer, extremely dry 265 239 290 266 
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The biggest primary control reserve is 476 MW at 2020 
winter extremely low temperature operating conditions 
and the smallest – 222 MW at 2016 spring flood time. 
Insufficient primary control reserve power will limit the 
use of 455 MW power unit of Lithuanian PP at spring 
flood time of the year 2016. 
It was found out that secondary control power reserve is 
sufficient at all examined operating conditions of Baltic 
JPS and secondary control power reserve of fossil 
fueled units may be used for the tertiary control power 
reserve lack compensation. Kruonis PSPP units may be 
used for the lack of tertiary power reserve temporary 
short compensation. 
Modification of 330 kV substations to decrease the 
number of power units of Lithuanian PP connected to 
the same busses and increase of the number of Kruonis 
PSPP units’ linkages to the 330 kV substations is 
needed for the reduction of design accident power and 
facilitation of power balancing of Baltic JPS. 
It was defined that wind generation power must be 
limited in all characteristic operating conditions of 
isolated Baltic JPS. The biggest wind power (1220 
MW) may be at extremely cold winter of 2016 and 
minimal at spring flood night time and at weekends, it 
will be limited to 0 MW. 
Investigation of generation adequacy of Baltic JPS 
showed enough adequacies – at all operating conditions 
generating power is sufficient to cover all unintentional 
declines of load power and generating power of 
renewable energy sources.  
It was defined that at the nominal power of new nuclear 
PP unit of 1300 MW generating and load power of 
Baltic JPS may be balanced only if minimum 
permissible power is 20  of the nominal power of the 
unit, if it is 50  – balance is unallowable because 
minimum permissible power of the unit will be higher 
the existing primary control reserve power. In the last 
case (permissible power is 50  of the nominal power) 
the new nuclear PP unit may be left in operation at the 
isolation of the Baltic JPS if the unit nominal power not 
exceeds 530 MW. 
 

7. Conclusions 
 
1. Investigation of power balancing of isolated power 

system showed that primary control power reserve 
is a critical parameter defining permissible load 
power of generating units.  

2. Insufficient primary control reserve power will 
limit utilization of 455 MW unit of Lithuanian PP 
during spring flood time in the year of 2016. 

3. New nuclear PP unit of 1300 MW may be in 
operation of isolated Baltic JPS only if its minimum 
permissible load is equal to 20 % of the nominal 
power, if it is 50 % of the nominal power, the unit 
must be stopped. 

4. Investigation of generation adequacy of isolated 
Baltic JPS showed good adequacy as during all 
characteristic operating conditions generating 
power is sufficient to cover all unintentional 
declines of load power and generating power of 
renewable energy sources. 

5. Wind generation power must be limited in all 
characteristic operating conditions of isolated 
Baltic JPS, at spring flood night time and at 
weekends, it should be limited to 0 MW.  
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Abstract: Synchronous operation of Baltic transmission 
systems with the ENTSO-E is a strategic objective as a 
step towards full integration of the Baltic electricity market 
into the EU common electricity market. The power system 
intended to interconnect with ENTSO-E must meet some 
technical requirements. On of such requirements is the 
ability of autonomous operation at different seasonal 
conditions. The paper presents a study of frequency 
transients and stability conditions in isolated Baltic 
power system. Tripping of generating units at spring, 
summer and winter peak and low load conditions is 
simulated. Analysis is based on forecasted load and 
generation conditions of 2016. 
 
Keywords: Frequency stability, isolated power system, 
dynamic response, speed governor, frequency control. 
 

1. Introduction 
 
Baltic Power System (PS) is comprised of Estonian PS, 
Latvian PS, Lithuanian PS and Kaliningrad PS. This 
power system when operating autonomously is 
considered as a small power system with big amount of 
generating power. There is also the perspective for large 
power units to launch in near future. In such systems it 
is difficult to maintain proper adequacy reserve. The 
system should operate with smallest available 
generating power output values in different operating 
conditions. For the assessment of the adequacy 
conditions [1, 2], it is necessary to investigate balancing 
capabilities to meet the frequency control requirements 
with hardly predictable variation of the renewable 
energy sources.  
The particularity of the small power system is 
determined by the peculiarities of the generating units. 
The power rates, construction and unit types (thermal, 
hydro, wind etc.) are of big significance here. The small 
power system that includes large units has particularly 
adverse operating conditions. Large deviation or 
oscillation in operating parameters can occur frequently 
here. The big challenge is to recover frequency even 
after a small unit tripping. The load shedding can be 
activated and voltage control becomes a big problem as 
well. In such cases, it is hard to satisfy power quality 
requirements for large power systems. 

 2. Evaluation of primary reserve of small power 
system 

 
The primary reserve of a small power system with large 
generating units can be insufficient to cover the 
generation loss caused by disturbance. That means, that 
the frequency is able to fall below the permissible 
frequency value and load shedding would disconnect 
consumers. 
There are three cases depending on dynamic properties 
of the power system and the load shedding levels:   

 load shedding is not activated, 
 load shedding is activated and load was 

reconnected after frequency restoration,  
 load shedding is activated and load was not 

reconnected  due to too low frequency level. 
The necessary total power of primary reserve when load 
shedding is not activated can be evaluated according to 
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where Δfqs and Δfqs* – deviation of quasi-steady 
frequency in Hz and per units; ΔP – power loss of 
tripped generator; λload – slope of load static frequency 
characteristic; sG* – total droop of generating units 
governors in per units. 
Assuming that the amount of shedding load ΔPload sh. is 
known and neglecting dead zone of the primary control, 
the necessary primary reserve ΔPG,I and total power of 
generating units participating in primary control PI

GNΣr 
are determined according to 
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where λload* – slope of load static frequency 
characteristic in per units; f0 – rated frequency; PloadΣ – 
total load power.  
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If the relative value of reserve Pres* of generating units 
participating in primary control is known, the total 
necessary rated power of generating units participating 
in primary control covering the total power loss equals 
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The primary control of generating units is activated 
when frequency leaves the dead zone Δf0.  
Computational frequency deviation value Δfc is smaller 
than the real frequency deviation, which should be 
considered when the activating primary control: 
 

 0c fff  .                              (5) 

 
The largest primary reserve value of generator ΔPPRi,m is 
activated even when this deviation is not reached and 
could be assessed according to frequency deviation of 
the quasi-steady condition Δfqs: 
 

i
i s

ff
P

G

0qs
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 ;                         (6) 

where sGi – droop of generating unit governor in 
Hz/MW. 
In order to ensure frequency stability the primary, 
secondary and tertiary reserves must be maintained. The 
primary reserve value should be not less than the design 
accident. Power reserves should limit frequency 
deviation after the fault. The operating power of the 
largest generator in synchronous zone should not exceed 
primary reserve. Due to fault, primary reserve should be 
activated in a couple seconds and should be available in 
less than 30 seconds. 
The secondary power reserve in power system is 
dedicated to restore frequency and primary power 
reserve and to compensate unpredictable load and wind 
farms’ variation. Secondary reserve should restore 
frequency and power flow exchange and primary power 
reserve in less than 15 minutes. 
Tertiary power reserve is dedicated to restore exhausted 
secondary reserve if the secondary reserve is not 
sufficient to for the primary reserve restoration.  
Secondary power reserve should be restored in 
15 minutes. The transmission system operator activates 
tertiary reserve. 
 

3. Characteristics of the speed governors  
 
The frequency control and insurance of the frequency 
quality usually depends on the characteristics of the 
speed governors. Different types of the generating units 
have different primary movers with different speed 
governing characteristics. There are main types of the 
turbine and sped governors: 

 Steam turbines; 
 Gas turbines; 

 Turbines of the combined cycle power stations 
(steam or gas turbines mounted on one or 
separate shafts); 

 Hydro turbines. 
The speed governors’ reaction to the frequency change 
or power value variation is related to primary power 
reserve regulation. Secondary and tertiary power reserve 
regulations are considered as slow and long lasting 
processes and were omitted in this investigation. 
The units that take part in primary frequency reserve 
regulation: 

 The thermal units of the combined cycle power 
station; 

 The units of the gas turbines; 
 The gas units of the combined cycle power 

station; 
 The units of the hydro power stations (partly). 

 
3.1. Frequency response of thermal power plants 
 
Steam turbines and their speed governors can operate in 
different regimes: constant pressure, constant power and 
coordinated regime. In order to re-establish these 
regimes the boiler operation specifics should be taken 
into account. Turbine model regulates fuel delivery to 
boiler, evaluates boiler reaction to frequency deviation 
and steam loss. Speed governors of steam generating 
units are described as: boiler following, turbine 
following and coordinated. Those regimes depend on 
boiler and turbine constructions.  
In a turbine-leading (boiler following) regime, the 
turbine power is controlled with the main valve. The 
regulating elements of the boiler respond to the steam 
pressure change thus changing the fuel supply to the 
boiler which influences the production of the steam. If 
the difference of the produced and sufficient steam is 
observed, the boiler’s pressure is changed accordingly. 
The fuel and air supply to the boiler is regulated 
considering throttle pressure deviation from initial 
value. The proportion-integral regulator maintains 
constant combustion process. Sometimes, in order to 
improve turbine reaction to boilers combustion control 
signals, the high-pressure parameters of the turbine are 
used as the main control parameters. 
In boiler leading or turbine following regime – the 
variation of the generated power is controlled with 
boiler input parameters. Active power signal is sent to 
the boiler’s combustion control system. With the assist 
of the turbine’s throttle valves, turbine pressure is 
maintained constant.  
Coordinated pressure regime is the combination of 
turbine leading and turbine following regimes. During 
the operation in this regime the compromise between 
quick response and boiler safety is determined. 
Most of the steam turbines are taking part in primary 
frequency reserve though just governors of coordinated 
regime operate at full range. The response 
characteristics to the step frequency deviation are 
presented in fig. 1. 
Gas turbines have a good dynamics and reaction to the 
frequency deviation is very fast (fig. 2).  
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Fig. 1.  Thermal power plant responses to frequency deviation 
of 0.5 % 
 

 
 

Fig. 2.  Combined cycle power plant response to frequency 
deviation of 0.5 % 

 
3.2. Frequency response of hydro power plants 
 
Inertia of water flow through hydro turbine can cause 
continuous oscillations of turbine power during transient 
processes when governor droop is low. In order to avoid 
these oscillations, the temporary droop is added during 
transients. Also, the temporary droop decreases 
response and reaction speed of the governor. The 
primary reserve is partially activated during the first 
30 s of the transient. In fig. 3, the frequency response of 
typical hydro power plants of Lithuanian and Latvian 
power systems is presented as well as Kruonis PSPP in 
Lithuanian power system. At the 30th s, only half of 
steady-state power is reached for hydro units. Frequency 
response of pumped storage PP is even slower due to 
higher value of water inertia.  
 

 
 

Fig. 3.  High power hydro power plant and pumped storage 
power plant responses to frequency deviation of 0.5 %  

 
The frequency response of a variable speed generator 
which is intended to be installed at Kruonis PSPP is fast 
and is similar to fast action response of thermal units. 
 
4. Research of frequency transients in isolated Baltic 

power system 
 
Research of frequency deviation was performed for the 
appropriate Baltic power system conditions for the year 
2016: 

 spring peak load conditions;  
 summer low load conditions; 
 summer peak load conditions; 
 winter low load conditions; 
 winter peak load conditions. 

This research was carried out with some assumptions. 
The frequency variation corresponds to primary 
frequency control, secondary frequency control were 
dismissed. Design accident is symmetrical three-phase 
fault at the high voltage switchgear terminal near the 
selected power station. Frequency increases during the 
fault and after the tripping of the generator and clearing 
the fault, frequency rapidly decreases thus reaching 
minimal frequency value. The mix and loading of power 
plants are optimised so that Baltic PS could operate for 
a long time covering hourly load variation and primary, 
secondary and tertiary reserves could be satisfied as 
well. The maximum loadings of power plants are equal 
or less to the required level of primary reserve. 
The power plants in winter peak load conditions 
typically operate at maximum load. The largest 
frequency deviation is caused by the trip of generator or 
group of generators with largest power output. The 
largest loss of generating power in Baltic PS is tripping 
of Lithuanian power station units G2 and G9 in 2016, 
operating at total power of 350 MW that corresponds to 
the primary reserve level. The lowest frequency value 
during the transition process can reach 49.44 Hz and can 
settle at 49.81–49.88 Hz (fig. 4) if secondary frequency 
control is neglected. 
In April, during melting period, hydro units‘ potential is 
exploited thus leaving the thermal power plants 
operating at their lowest rates, moreover, the number of 
operating thermal units is limited too. In case of largest 
unit tripping, frequency would decrease to  
49.39–49.64 Hz and settle at 49.85 Hz value.  
During the lowest load regime spring melting period 
(thaw, snowbreak) there were also investigated the 
tripping of the Kruonis PSPP units that operating in 
pump mode. The worst-case scenario is a case when 
three operating pumps of total power 605 MW are 
tripped. During this fault frequency can increase up to 
54.97 Hz. If one or two pumps are tripped, frequency 
can reach 51.80 and 50.14 Hz, respectively (fig. 5). 
Fig. 6 shows frequency transient when the units of the 
Daugava HPP switched into operation during the 
Kruonis PSPP pumps trip-off. The installation of the 
emergency automation would protect power system 
from large frequency deviations in future. 
Transient processes were investigated for the summer 
low load conditions as well. Emergency fault was 
considered as tripping of the generator with the largest 
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power output. The frequency could fall to 49.36–
49.53 Hz and settled to 49.80–49.83 Hz, considering 
that secondary frequency control is off. 
 

 
Fig. 4. Frequency deviation during the trip of the units in 
Lithuanian PP in winter of 2016 

 

 
Fig. 5. Frequency deviation during the trip of the Kruonis 
PSPP pumps in spring of 2016 

 

 
Fig. 6. Frequency deviation during the trip of the Kruonis 
PSPP pumps in spring of 2016 and the start of the Plavinas 
HPP units 
 
Also, frequency transients were analysed if a generating 
unit of maximum capacity operating at full load is 
tripped during autonomous operation of Baltic PS. The 
generating unit of the largest capacity (450 MW) is the 
combined cycle unit in Lithuanian PP. Loss of this 
capacity would cause the significant frequency 
decrease. Analysis shows that in such cases, frequency 
minimal value could vary from 48.74 Hz in winter to 
45.21 Hz in summer conditions. The steady state value 
of frequency would be 49.80–48.86 Hz if secondary 
control and load shedding would not operate. 
Simulated maximum deviations of frequency during 
transients of studied operation conditions are presented 
in table 1. 
 
  
 
 
 
 

Table 1. Simulated maximum deviations of frequency during 
transients of studied operation conditions 
 

Operating 
condition 

Maximum 
frequency deviation 

caused by trip of 
generation equal to 

primary power 
reserve  

Maximum 
frequency deviation 

caused by trip of 
maximum unit 

capacity 

MW Hz MW Hz 

Normal winter 349 0,563 450 1,261 

Cold winter 350 0,563 450 1,311 

Spring 235 0,61 450 4,10 

Normal summer 242 0,642 450 4,79 

Dry summer 239 0,571 450 2,85 

 
5. Conclusions 

 
Frequency stability in isolated power system depends on 
primary, secondary and tertiary power reserves. The 
level of primary power reserve causes the maximum 
permissible loss of generation. 
Frequency transient processes caused by loss of 
generating units after the short circuit fault in isolated 
Baltic power system in 2016 are analysed. If the loss of 
generation equals to primary reserve, the maximum 
frequency deviation is 0.642 Hz. If the generating unit 
of maximum capacity of 450 MW operating at full load 
is tripped, the load shedding would operate in all cases. 
Tripping of Kruonis PSPP generating units working in 
pump mode can cause large increase of frequency, up to 
54.97 Hz. The use of emergency automation is 
suggested in this case. 
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Tripping of 1 pump + 2 generators of Pliaviniai HPP 
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